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GEOPHYSICS 


INSTABILITY IN THE EARTH’S MANTLE BECAUSE OF THE 
PHASE-TRANSITION-LAYER 


SECOND PAPER 
BY 


F. A. VENING MEINESZ 


At the end of the first paper on this subject the problem how the 
vertical shift of the transition-layer, caused by convection-currents, 
disappears, is left undiscussed. We shall here shortly take it up. The way 
of disappearing is probably different for large and for small current- 
systems. The large current crosses the transition-layer and it is easy to 
see that, in a similar way as if this layer were not present, the current 
heats up the surface layer and lowers the temperature of the lower layer. 
The upward shift of the transition-layer in the subsiding current column 
and its downward shift in the rising one brings about that the current 
still continues after the half turn. But then the higher temperature 
matter penetrates in the subsiding column and causes a change of such 
an amount of the heavier phase in the lighter one, that the phase- 
equilibrium temperature at each level is restored. The transition-layer is 
thus brought back to its normal level. By the reverse process this is 
likewise the case in the rising column. At that moment the current stops 
and the initial situation of the transition-layer is restored. This statement 
is not accurately true; the slight general cooling, caused by the convection- 
current, has slightly raised the whole transition-layer in that area. 

For the smaller type of convection, for which the lower horizontal 
branch of the current occurs in the transition-layer, the vertical shifts 
of this layer in the subsiding and rising columns of the current apparently 
do not disappear as quickly, probably because the transportation of a 
great amount of the heavy phase from the subsiding to the rising column 
considerably delays the heating up of the surface layer by the rising 
column. As it has already been exposed, the subsidence of the basin above 
the subsiding column, and the rising in the arc around above the rising 
column have a more stable character and last longer than the current. 
The smaller current itself, however, has a shorter duration than the 
large current. For the slow disappearing of the vertical shifts of the 
transition-layer the temperature conduction between the subsiding and 
rising columns of the convection-current may also play a part. 


Reference to first paper: 
F. A. Ventye Mernesz, A phase-transition-layer between 200 and 900 km 
depth in the earth? Proc. Kon. Ned. Akad. v. Wetens. Ser. B, 
59,1, pp. 1-10, 1956. 
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CHEMISTRY 


THE CHEMISORPTION AND PHYSICAL ADSORPTION 
OF WATER ON SILICA 


IV. THE NATURE OF THE SURFACE 
BY 


J. H. DE BOER anp J. M. VLEESKENS 


(Communicated at the meeting of September 28, 1957) 


1. INTRODUCTION 

The surface of unheated silica is covered with OH-groups and with 
physically adsorbed water. The amount of water, estimated by the loss 
of weight on heating a sample to constant weight at a high temperature, 
and calculated as grams of water per 100 grams water-free (also OH-free) 
SiO,, will be denoted [1] by W,. It embraces both chemisorbed and 
physisorbed water. As in previous publications the amount of chemisorbed 
water in the case of a surface just fully covered with OH-groups [1] will 
be denoted by Woy. 

As described in the first publication of this series [1], heating of silica 
at 120°C results in a loss of all physisorbed water, whilst a heating to 
higher temperatures causes also the loss of part of the chemisorbed water. 
W, then attains figures lower than W,,,, indicating a depletion of the 
surface of its OH-groups. 

We also described a simple method to rehydrate these depleted surfaces 
and we showed that the surface areas, as measured by the adsorption of 
nitrogen at —196° C (B.E.T. method) and denoted by Sx, do not alter 
by this rehydration process. A heated and, subsequently, rehydrated 
sample shows a lower Wo, figure than an original (virginal) sample and 
we indicated that the decrease of Woy, on heating could only partly be 
understood by the decrease of surface area, S,. The nature of the surface 
has also changed. The study of W,, for equal values of S, supplies infor- 
mation about the nature of the surfaces and about structural changes 
caused by heating. 

The BF-samples used for this investigation have been described in 
former publications [1}. 


2. PROCEDURE AND RESULTS 


Silica BF was submitted to different heating procedures as described 
in the previous publication of this series [2], viz. 


method a: continuous dry heating, followed by rehydration 
or 


3 


method b: dry heating, interrupted by rehydration and drying after 
each period of 24 hours and finally —after the last heating 
period — rehydration. 

After any of these treatments, hence after the (final) rehydration, the 
samples were dried over P,O, for a sufficiently long time to ensure that 
all physisorbed water has been desorbed and W.=Wox [1], whereupon 
Sx and W, were measured. The figures for W,, expressed in grams of 
water per 100 gram SiO, are given in table I. The figures for S., expressed 
in m? per gram SiO,, are contained in table I of the previous publication [2]. 
From these figures the number of OH-groups per 100 A2(N,,) can be 
calculated by the equation: 

WE IOS SIN BS MOP Wea 


(1) Nou= Sy x 10®xM2  ~ 3. * Sy 


where N is Avogadro’s number and M is the molecular weight of water. 


TABLE I 

W, = Wog for various BF-samples (g H,0/100 g Si0,) 
a. Continuous dry heating, followed by rehydration ; 

b. Dry heating interrupted by rehydration. 


Temp.°C | 450 650 890 
hee ee ae a b a b 
Time hours | | 
0 | 4.90 4.90 4.90 
6 4.51 4.02 awit 
24 | 4.45 | 440 | 3.81 | 3.60 | 2.95 | 2.71 
48 3.86 3.02 2.27 
72 | | 3.67 | 2.92 2.09 
96 4.34 3.56 | 2.70 


The values obtained for Nj, after various treatments of BF-samples with 
methods a or b are given in table IT and also in fig. 1. 


TABLE II 

Number of OH-groups per 100 A? (Noy) for various BF-samples 
a. Continuous dry heating, followed by rehydration ; 

6b. Dry heating, interrupted by rehydration. 


Temp. °C | 450 | 650 | 890 
Maui pk a | b a b a b 
Time hours | 
0 6.2 6.2 6.2 
6 i 6:6 | 5.6 | 4.7 
24 eg Per @sO 5.3 5.0 4.75 | 4,45 
48 5.28 4.55 4.4 
72 5.2 4.65 | 4.65 
5 R5 
96 5.8 5.0 4.65 


20 40 60 80 100 
—_._,.. time, hours 


Fig. 1. Occupation of the surface with OH-groups. 


a. Continuous dry heating b. Dry heating, interrupted by re-hydration 
Oo BF 450 v BF 450° 
S BF 650, finally re-hydrated VY BF 650) finally re-hydrated 
P BF 890 JY BF 890 


3. DIscUSSION 


A. The various ways of loss of water by reacting OH-groups 


The loss of water at elevated temperatures may be attributed to the 
following mechanisms: 


1. Condensation of OH-groups of surfaces opposite to each other, for 
instance of surfaces of two elementary particles lying close together. 
We may, schematically, write this reaction: 


4-OH + HO-Y > 40-4 + H,0 


2. Condensation of OH-groups of the same surface, which may be written 
as: 

at Ba! 

Deer 0 


ommn —> bon + H20 


The first reaction leads to a simultaneous decrease of surface area. 
In our approach of analyzing the various causes of loss of water and 
their results we may assume that this reaction does not influence Noy 
The second reaction leads to a partial dehydration of the surface and 
translates itself in a decrease of Noy. 

As already stated in previous publications [1, 2,3], a relatively simple 
rehydration process leads to a complete rehydration of the surface, hence 
a full occupation with OH-groups. If then both reactions 1) and 2) were 
the only ones, one should expect N,,, not to change as a result of treatments 
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a or b, which both involve a complete rehydration of the surface after 
the last heat treatment. We see, however, from fig. 1 and from table IT 
that N,, does decrease during the a or b treatments: hence our picture 
is too simple. 

It is obvious, however, that Nog tends to assume a constant value 
of (4.6 + 0.2)/100 A2, as a result of higher temperatures or longer heating 
times. An inspection of the results of the b-treatments reveals, that this 
constant level is reached after the second cyclus of the b-treatment at 
650° C and already after the first cyclus at 890° C. The continuous heating 
method a leads to a more or less serious drop in No, in 6 hours, after 
which there is only a slight further decrease at 450°C and at 650° C, 
whilst at 890° C a constant value has been reached. This constant value 
is (4.7 + 0.05)/100 A2 and is practically the same as that of the b-series. 


B. The significance of the constant level 


We may assume that the OH-groups on the surface of silica will be 
bound to Si-atoms. We also may assume that the rehydration process 
leads to a complete rehydration, as we have seen [1] that the time-depend- 
ence of the rehydration, with liquid water at 90°C, is zero after a few 
hours. It is, therefore, logical to assume that the constant level of 


(2) Now =4-6 + 0.2/100 A2 


indicates a condition of the surface where all surface Si-atoms are covered 
with one OH-group. 

Iter [4], assuming the silica to consist of spherical particles, and 
taking one OH-group on every Si-atom of the surface, calculates that 
there will be 7.85 OH-groups per square millimicron (hence N,,= 
7.85/100 A®), independent of the size of the particles. ILmR also compares 
silica to the various modifications of crystalline SiO, and, as the density 
of silica is similar to that of cristobalite or of tridymite, but dissimilar 
to that of quartz, he concludes, like many others in literature, that the 
arrangement of the Si- and O-atoms in silica will have some similarity to 
that in either cristobalite or tridymite. Calculating then N,,, for the cubic 
face of cristobalite he derives the figure of again 7.85/100 A2, where every 
Si-atom in the surface binds 2 OH-groups. A similar calculation for the 
(0001)-face of tridymite yields N,,,=4.6/100 A®. As, according to Iumr, 
the experimental figure for N,,, is in the neighbourhood of No, = 8/100 A?, 
he concludes that the surface of silica shows some similarity to that of 
cristobalite. 

In our own work we are also used to compare silica to cristobalite 
because X-ray data [5] and density measurements suggest such a 
sinilarity. Cristobalite, however, crystallizes in octahedra. It is therefore, 
logical to assume that the atomic arrangement of the surface of silica 
bears some similarity to that of octahedron faces of cristobalite. Fig. 2 
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shows such a face of the f-form (high temperature form) of cristobalite. 
As the edge of the cubic unit cell may be taken to be 7.12 A [6], it can 
be calculated that there will be 4.55 Si-atoms per 100 A? of the surface. 
These Si-atoms can only take one OH-group, hence Noy = 4.55/100 A?, 


GY Me Je 


Fig. 2. The oxygen atoms of the surface layer, forming hexagons, are shown; 
the black dots on top of them represent silicium atoms, on top of which OH-groups 
will be bound, when the surface is fully hydrated. The small crosses underneath 
the oxygen layer represent silicium atoms of the second silicium layer: directly 
underneath them follow the oxygen atoms of the second oxygen layer (not visible). 
The silicium atoms of the third silicium layer, directly underneath them, cannot 
be seen either; the oxygen atoms of the third oxygen layer, however, show through 


the openings of the hexagons of the first oxygen layer. 


It is difficult to measure the real density of silica. In a future com- 
munication we intend to publish our measurements, using various imbibition 
liquids, but it can be said now that its specific volume is somewhat between 
0.43 and 0.45 cm3/g SiO,. Literature values for the specific volumes of 
«- and f-cristobalite and of «- and £-tridymite all range between 0.427 
and 0.455 em3/g. The atomic arrangement of the surface of silica may, 
therefore, also be compared with these other modifications. 

The structure of the pseudo-cubical (tetragonal) «-cristobalite is not 
very different from that of the -form [7]. As its density is a few per cent 
higher than that of the p-form, we may expect N,,, to be somewhat larger, 
roughly in the neighbourhood of Noy ~ 4.65/100 A?. 

f-tridymite is hexagonal (a=5.03 A, c=8.22 A). Both the base faces 
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(1000) and the prism faces (0001) have to be considered here. On both 
faces there will be one OH-group per surface Si-atom (just as on the 
(111)-face of cristobalite) and the N on Values amount to N,,=4.84/100 A2 
for the (1000)-faces and Now = 4.56/100 A? for the (0001)-faces. x-tridymite 
has a density which is only slightly higher than that of the £-form, the 
difference being far smaller than with cristobalite [8]. For the «-form, 
therefore, we may assume Now =4.85/100 A® for the (1000)-faces and 
Now =4.6/100 A? for the (0001)-faces of the pseudo-hexagonal (rhombic) 
structure. Taking these figures together with the one calculated for 
the (111)-faces of f-cristobalite, mentioned above, we may derive the 
conclusion that the average figure for the most probable faces of these 
Si0,-modifications vary from 


Now =4.55/100 A2 to Noy =4.85/100 A2. 


It may, therefore, be concluded that the constant level of Noa 
(4.6 + 0.2)/100 A?, which we found as a minimum value for rehydrated 
heated samples of silica, is representative for a smooth and fully OH-groups 
covered surface of silica. The average value for the area covered by one 
Si-atom, carrying one OH-group, is 21.7 + 1.0 A? 


C. The significance of values of No_>4.6/100 A? 

Silica-particles, which are not heated to a sufficiently high temperature 
for a sufficiently long time, may not be considered to have smooth surfaces. 
Not all Si-atoms of such surfaces will be bound (with oxygen bridges) 
to three other Si-atoms inside the particle. There may be Si-atoms on 
such surfaces which are only anchored with two or even one Si-O-Si bonds 
to the inside. Such Si-atoms may carry more than one OH-group. In 
other words we may expect that the surfaces of virginal SiO, samples, 
and of those samples which are not heated vigorously enough, will contain 
Si-atoms that may form surface groups as: 


\_/ O08 / OH 
Si. or —Si —OH 
y OH “Or 


If silica did consist of minute crystals these groups would be formed 
on the edges and corners of the crystals. Let us visualize an assembly 
of equal, small, regular octahedra and let there be m Si-atoms on the 
length of the edge of these octahedra. In accordance with the surface 
area of 21.7 A?, found as an average for a surface Si-atom (see above), 
the distance of the Si-atoms— which form a pattern as pictured in fig. 2— 
is 5.01 A. The number of Si-atoms on the surface of each octahedron is 
Ng =4 n?—8n+6; the number of OH-groups on the surface of each 
octahedron, however, amounts to 


(3) Now = 4 n?+4n—6. 
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The surface area of each octahedron is: 
(4) S.¢=2 V3 (n—1)? x (5.01)2. 
Equations (3) and (4) enable us to express Noy, in terms of n: 


: Cen Ie Bs eee 
(5) Now= 22! x100~2.3.x ae 
which expression, for n — co yields Noy =4.6/100 A’. 

Table III gives No, calculated with eq. (5) for a few different values 
of n. Table III gives also the lengths of the edges of the octahedra in 
millimicrons and we see that silica-particles of such shapes, that they 
could be described by octahedra, give No,-values sufficiently larger than 
4.6/100 A2 to be detectable, as long as they are smaller than about 100 milli- 
microns. For larger particles the influence of edges and corners is negligibly 
small. 

TABLE III 
Non calculated with eq. (5), as a function of n 


1, length of edge of the 


n Nox . Bt he 
octahedra in millimicrons 
5 8.2 20) 
10 6.2 4.5 
20 5.3 9.5 
40 4,95 19.5 
60 4.8 29.5 
100 4,74 ~ 50 
250 4.65 ~ 125 
600 4.62 ~ 300 
1000 4.6 ~ 500 


D. The size of the particles 


If silica samples could be described as assemblies of small octahedra 
the dimensions, /, of the edges of these octahedra could be calculated 
from the specific volumes and the specific areas of the samples, with the 
equation : 


F 14s 6V3 _ V, 7.35 V 
6 1 (in millimicrons) = —— Sd ATS ae aon 
(6) ( icrons) 5 x ge X 10 a x 10 


where V, is the specific volume in cm3/g and Sy is the specific surface 
area in m?/g. V, can be obtained by means of an equation, which we used 
in our previous communication [2], 
W, 
pare aly —— 
Vers tt ree 
W, and Sy are given in tables I of this publication and of the previous 
one [2] respectively. Calculated in this way by means of equation (6), the 
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original (virginal) sample BF (120) should then be represented by an 
assembly of octahedra with edges of 6.6 millimicrons, whereas the 
experimentally found value of N,,=6.2 (table IL) demands edges of 
4.5 millimicrons, as can be seen from table III. 

The dependence of No, in table III is far greater than would correspond 
with the experimental figures. This may be illustrated by the following 
example: when the edges / of corresponding octahedra are calculated 
(with equation (6)) for: 


the last samples of series: b (650° C). a (890° C) and b (890° C), 
we find: 8 : 8° and Hn 


millimicrons respectively. All these samples (table II) show an N on-value 
of 4.6°/100 A?; in order to obtain this N,,,-value with regular octahedra 
the edge, according to equation (5), should be 125 millimicrons. 

A description by means of an assembly of loose octahedra, which grow 
to a smaller number of larger octahedra, therefore cannot explain, quanti- 
tatively, the experimentally found fall of N,,, from values > 4.6 to the 
limiting value 4.6/100 A?. We do not find the large allover growth of the 
particles, required by this picture. The decrease of S, is markedly less 
than would correspond with this picture. 

Small octahedra, however, reacting together according to mechanism 1 
of section 3A, in such a way that two edges of two octahedra, or an edge of 
one with an octahedron face of another, condense together, might lead 
to a decrease of the number of Si-atoms which bear more than one OH- 
group, without a serious decrease of surface area. Such a sticking together 
of small particles on certain points, by a sintering (condensation) process, 
which does not lead to a very serious decrease, neither of surface area, 
nor of pore volume, may well be considered as a cause for the decrease 


of No: 


E. A smoothening of the surface 

The elementary particles of amorphus silica cannot, of course, be 
represented by regular octahedra or any other regular polyhedra. However, 
the possibility of having irregular shapes, or showing such surface irregular- 
ities, that an appreciable number of surface Si-atoms are not yet bound, 
via oxygen, to three other Si-atoms of the interior of the particle and, 
consequently, carry more than one OH-group, is certainly to be considered 
as one of the causes of N,,,-values larger than 4.6/100 A?®. 

Another cause may be the following. The atomic arrangement of the 
surface of virginal or not sufficiently heated particles, may, partly, be 
similar to faces as e.g. the (100)-faces of cristobalite, where, as we already 
discussed, surface Si-atoms also carry two OH-groups. If such arrange- 
ments are present, N,,, will also be higher than 4.6/100 A?. 

The heating procedure, resulting in a relatively small decrease of 
surface area and of pore volume and, most probably in an annealing and 
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reforming of the surface, leads to a smoothening of the surfaces of the 
elementary particles and to a sticking together of these particles on 
certain points by Si-O-Si bonds. The number of surface Si-atoms, covered 
with more than one OH-group, decreases by this process. This number may 
become negligbly small, resulting in a minimum N,,-value for the 
rehydrated surface. 


4. CONCLUSIONS AND SUMMARY 


A silica sample (BF-silica) which had never been heated above 120° C 
and which contained 6.2 OH groups per 100 A® of surface area is heated 
in various ways and finally rehydrated. The number of OH groups per 
100 A? of surface area, No, decreases, but assumes a limiting minimum 
value of (4.6 + 0.2)/100 A?. This figure may be taken as representing a 
smooth silica-surface, where each surface Si-atom carries one OH-group. 

The experimentally found decrease of the original, higher, N,,,-values, 
cannot be explained by the growth of smaller particles to larger ones. 
For an explanation of the effect along these lines the particles should be 
required to show an increase of all their linear dimensions of about 25 
times; experimentally, as shown by the decrease of the total surface area 
(S,) this increase can only amount to scarcely a factor 2 for the most 
serious heat treatment which we used. A previous study of the decrease 
of surface area and of the pore volume during this treatment makes it 
probable that even the factor 2 in the decrease of S, is not caused by an 
allover increase of the particle size but rather to the primary particles 
growing together on certain points. 

The decrease of N,,, by the heating procedure has to be ascribed to the 
disappearance of surface irregularities and surface arrangements containing 
more than one OH-group per surface Si-atom, hence to an annealing and 
smoothening process. 
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PHYSICAL CHEMISTRY 


GRAPHITIC OXIDE 
Il. THE OXIDATION OF SEVERAL TYPES OF GRAPHITE 


BY 


J. H. DE BOER anp A. B. C. VAN DOORN 


(Communicated at the meeting of October 26, 1957) 


1. Introduction 

In a previous paper [1] we described the oxidation of Madagascar 
graphite with KCIO, suspended in a mixture of concentrated H,SO, and 
HNO,. We found that the resulting graphitic oxide has a constant compo- 
sition viz. C,0,H,. Samples of graphitic oxide having this bruto formula 
could only be obtained if: 

1) the oxidation procedure was repeated a sufficient number of times; 
with the Madagascar graphite used, the oxidation had to be repeated 
at least once. 

2) all steps during the preparation (especially washing and drying) 
were carried out at temperatures below 70° C. 

It is known from the results of Broptp [2], Luzi [3], Turete [4] and 
Hormann and FrenzeEL [5] that the type of graphite, the crystallite- 
size and the dimensions of the graphite flakes all play an important 
role during the oxidation. So we decided to oxidize several types of graphite 
in order to solve the question whether or not all these graphites give the 
same graphitic oxide C,O,H). 


2. The conversion of graphite into graphitic oxide 

In preparing the graphitic oxide we used the SrAuDENMAIER method [6]. 
All details of the preparation and the purification of graphitic oxide are 
described in the first paper of this series. 


The following types of graphite were oxidized: 

Graphite S 40 (obtained from Graphitwerk Kropfmihl A.G., Miinchen); 
a good sample of crystalline graphite consisting of large flakes. Two 
fractions of this sample were investigated viz. a sieve fraction consisting 
of flakes with a diameter of less than 0.05 mm and a second sieve 
fraction with a mean particle diameter 0.25<d<0.30 mm. 

Graphite E.D.M. (obtained from Graphitwerk Kropfmiihl A.G., Miinchen) ; 
a microcrystalline product having a particle diameter of less than 
0.05 mm. 

Hydro Kollag, a colloidal synthetic graphite (obtained from Riedel de 
Haen A.G., Seelze) having a mean particle diameter of about 10—4 cm. 
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X-ray diagrams (Debye—Scherrer technique) showed that the crystallite 
size of all samples (except Madagascar graphite) was of the order of 10-4 em. 
Only Madagascar graphite contained crystallites of the order of 10-3 em. 

The oxidation of all graphites was carried out under standard conditions 
and with the precautions described in the first paper of this series. In 
each case 15 g of graphite was suspended in a 1500 ml beaker containing 
a mixture of 130 ml HNO, (63 %) and 265 ml concentrated sulphuric 
acid. To this suspension 190 g¢ of KCIO, was added, portionwise, during 
four days; after addition of all KCIO, the reaction mixture is allowed 
to stand, with occasional stirrings, during 14 days at room temperature. 
Three samples of each graphite were oxidized once, twice and three times 
respectively. The elementary analysis of these oxidized samples gave the 
following results. 


TABLE I 
Se 
| Code number | 7 O 
Graphite Particle size jot the samples %0/%H obtained Ronis 
in mm | after the by 
| | oxidation *) subtraction 
SS 
S 40 | —0.05° | ==1 Vv | 58.51] 1.25 40.24 ChON Hie 
| | 2 ¥ | 55.92 | 1.34 42.74 CROs. 
| 3 V 55.88 | 1.33 42.79 C,0, pHe 9 
S 40 | 0.25<d<0.30 | 1 W 60.87 | 1.24 37.89 CO; ea, 
| | 2 W 58.95 | 1.27 39.79 COE 
| 3W ~ |56.02| 1.35 42.63 CO, Ba 
E.D.M. | <0.05 | x B24 1.25 39.83 (Od ste 
2X 55.98 | 1.33 42.69 C,04 pHs 9 
Sie 55.99 | 1.33 42.68 OC: 
Hydro Kollag |} ca. 3 x 10-3 1Z | 59.21 | 1.25 39.54 C,O, HL, 3 
| 2 7, | 57.88 | 1.35 40.77 C0, 6G. 
a7 | 55.83 | 1.32 DS AOL a ae 
Madagascar | 2017 1A 60.63 | 1.25 38.39 C_O3 ,H,7 
| gee | 55.75 | 1.32 42.93 ENO parte ve 
3A | 55.81} 1.33 42.86 CHOW aa 


*) the figure of the code number indicates always the number of times that 
the oxidation treatment has been repeated. 


During the washing of the samples, after the oxidation, we observed 
that the samples of S 40 graphitic oxide swelled macroscopically much 
more than any other sample. The degree of this macroscopic swelling was: 
S 40 > Madagascar > E.D.M. > Hydro Kollag. 

From table I we see that with natural, well crystallized, graphites 
the particle size of the graphite flakes plays a decisive réle. For the § 40 
graphite (d<0.05 mm) has to be oxidized twice whereas the S$ 40 graphite 
(0.25<d<0.30 mm) has to be oxidized three times before the constant 
composition C,O,H, is reached. . 

The crystallite size of the samples of graphite seems to be less important. 
For the Madagascar graphite containing crystallites of about 10-? cm 
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and having a particle diameter d<0.17 mm has to be oxidized twice 
whereas the 8 40 graphite (0.25<d<0.30 mm) consisting of crystallites 
of about 10-4 cm has to be oxidized three times. 

The Hydro Kollag graphite, however, having the smallest particle size, 
has to be oxidized three times. The reason lies in the structure of the 
particles. This sample is a synthetic graphite; the particles thus consist 
of a large number of small crystallites, which are sintered to each other; 
the chlorine dioxide can thus only with difficulty reach the interior of 
the particles. 

Though the particle size of the graphites, investigated by us, has a 
pronounced influence on the number of times the oxidation has to be 
repeated, we found no influence of the particle size on the ultimate result 
of the oxidation. All samples of graphite gave, after sufficient oxidation, 
the same graphitic oxide C,0,Hg. 


3. The influence of peripheric carboxylic growps 

It is, however, probable that a graphite consisting of very small 
crystallites does not give a graphitic oxide C,0,H,. For it is very probable 
that there are carboxylic groups present on the periphery of the crystallites 
of graphite as indeed has been supposed by Hormann and Konie [7] 
and Hormann and Hoxst [8]. The smaller the graphitic oxide particles 
the larger is the influence of these peripheric carboxylic groups on the 
bruto composition. 

The influence of these disturbing peripheric caboxylic groups can be 
calculated as follows. Imagine a graphite lamella to be built up of n 
concentric circles of graphite hexagons grouped round one central hexagon. 
Suppose all unsaturated valences of the peripheric carbon atoms are 
saturated with carboxylic groups. The composition of one such a lamella 
can be represented by C,,.(COOH),,. Let us assume that = 500; in that 
case we find for such a graphite lamella: Cy 559,999(COOH) 3999. If this lamella 
is converted into graphitic oxide there must be present: 1/7 x 1.500.000 = 
214.285 “units O,H,”; this results in the following total composition: 


Cy.500.000( OaH2)o14.285(COOH) 3000 7 C70 5.02H 9.01 


The diameter of such a lamella can be calculated as follows: every 
concentric circle contains 6 graphite hexagons more than the preceding 
circle (with exception of course of the central hexagon). From this series 
we calculate with n= 500 in toto 748.501 graphite hexagons. The surface 
area of one hexagon can be estimated as 5.2 A®; the total area of one 
lamella becomes: 

ger? = 3.892.205 A® 


r =1125 A 


The diameter would then be: 0.23 x 10-4 em. 
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The particle diameters and the bruto compositions of such graphitic 
oxide particles are calculated in this manner for different 
and given in table II. 


values of n 


TABLE II 


Number of | 


hia Fe 

| Particle 
concentric Formula diameter 
circles | in em 


20 CrOf myer |) 0:9 5610-5 

50 GOn Ho i On 10". 
100 CO Wee | Oa 105 
200 nC: ON PEDG Se colon er 0=s 
500 COE eee 02 car0- 
1000 0.0, fas 0.5 x 10-4 
2000 | ©€,O, polte 5 0.9 x 10-4 


It is evident from table IT that with n—500 (and higher), i.e. a particle 
diameter >0.2 , the peripheric carboxylic groups have no effect on the 
bruto composition as determined by the C-H analysis. 

With very small particle sizes, however, (e.g. d<0.04 wu) 
expect large deviations from the bruto composition C,0,H,. 

In order to test our supposition experimentally we oxidized the 
following carbon blacks (obtained from fa. P. Schoen, Zaandam) 


one has to 


Neo Spectra Mark I particle size: ca. 10-° em 83.8% © 
Statex F 12 ‘ pe 0.3010? em. (95.0°9, <C 
Molacco gn OB 10 em 19915 OF © 


After oxidation, during four days, the Neo Spectra Mark I had fully 
disappeared from the suspension. By oxidizing during 40 hours we obtained 
a black product. This product in contact with a blue litmus paper reacted 
strongly acid. The composition, as determined by a C-H analysis, appeared 
to be C,039Hy.,. Oxidizing this black product again during 24 hours 
resulted in a complete disappearance of the particles. 

The carbon blacks Statex F 12 and Molacco could be oxidized in four 
days. The yield, however, was very poor; starting with 15 g of the carbon 
black we obtained about 1 g of the oxidized product. The bruto compo- 
sition appeared to be C,0,,H,,. This is the same result as we obtained 
with she investigated natural and synthetic graphites (see table I dle 
seems thus that this is the maximum obtainable result of the first oxi- 
dation even with the very small particle diameter of the carbon blacks 
described. 

We did, therefore, not succeed in converting very small particles of 
graphite (or carbon black) into an oxidation product having the bruto 
composition C,(OOH), with «> 2. 


4. Conclusions 
We have previously shown [1] that graphitic oxide, prepared from 
Madagascar graphite, has the bruto composition C,0,H,. We have now 
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extended the investigation to several other types of graphite, both natural 
and synthetic. All types of graphite investigated could be converted into 
graphitic oxide having the formula C,0,Hs. 

With natural, well crystallized graphites the number of times the 
oxidation has to be repeated in order to obtain fully oxidized graphitic 
oxide depends on: 

1) the experimental conditions; as reaction vessel a beaker having a 
diameter as large as possible is recommended; 

2) the particle size; the smaller the particle size the less often the 
oxidation has to be repeated. 

With synthetic graphites the granular structure plays a dominant role. 

An influence of the presence of peripheric carboxylic groups on the 
formula C,0,H, could not be established. Indeed it could be shown that 
one has to expect an influence of peripheric groups on the bruto formula 
only with particles <0.4 x 10-° em. Carbon blacks having a mean dia- 
meter less than 0.3 x 10->, however, could not be oxidized to graphitic 
oxide. With these carbon blacks we obtained, on prolonged oxidation, 
no graphitic oxide but only soluble products. 
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PHYSICAL CHEMISTRY 


GRAPHITIC OXIDE 
iI. THE THERMAL DECOMPOSITION OF GRAPHITIC OXIDE 


BY 


J. H. DE BOER anp A. B. C. VAN DOORN 


(Communicated at the meeting of November 30, 1957) 


In earlier experiments [1] we found that moist graphitic oxide, when 
heated in a moist nitrogen atmosphere, decomposes at 70° C or at higher 
temperatures (water vapour pressure 4.57 mm Hg). This was concluded 
both from the change in the density of the graphitic oxide (using water 
as imbibition liquid) and from the C-H analysis of the decomposed 
product. The gases evolved during the decomposition, however, were not 
investigated. 

In order to obtain a more detailed knowledge of the thermal decompo- 
sition, we treated dry graphitic oxide at 120, 150 and 190° C, hence without 
the presence of water. 

Dry graphitic oxide was placed in a three necked glass vessel (about 
25 ml) having 3 glass joints. Two of these joints were connected with an 
inlet and an outlet tube, respectively, for a stream of pure, oxygen-free 
nitrogen (131/h) and the third joint contained a thermometer. This 
thermometer was placed in the vessel in such a manner that the mercury 
bulb was just above the sample of graphitic oxide. The vessel was placed 
in a furnace which was previously heated in order to bring the sample 
rapidly to the desired temperature. 

The evolved gases were swept away by the stream of nitrogen; the 
water and the carbon dioxide evolved during the decomposition were 
collected in two U-tubes containing anhydrone and soda-asbestos respec- 
tively. Thereupon the stream of nitrogen was led through a quartz tube 
containing CuO at 600° C; here the CO, and H, if present, were oxidized 
and the resulting H,O and CO, were absorbed by anhydrone and soda- 
asbestos. Finally the stream of nitrogen, now containing only O,, was led 
through a tube containing reduced Cu at 600°C. After the graphitic 
oxide had been decomposed during 6 hours, hydrogen was passed through 
the last tube and the resulting H,O was absorbed by anhydrone. A sketch 
of the analytical procedure is given in fig. 1. 

The composition of the gas evolved could be determined from the 
increases in weight of the different U-tubes A, B, D, EK, G and H. Several 
blank determinations were carried out; it appeared that the increase in 
weight of the U-tubes during 6 hours varied from 0.2 to 0.4 mg. 

In each experiment about 600 mg of graphitic oxide was used. 

2 Series B 
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The results of the first series of experiments at 190°C are shown in 
table I. 


oven 
Higa: | 
TABLE I 
| Decrease in weight | Increase in weight of the various 
Experiment | of graphitic oxide | absorption tubes in mg 

Cae Soo ee neat - [ioc oes ee = 

| in mg | m 5} & ee E G1 
nri | 2409 | 380 | 67.4 | 1342 | = |xs81 } 1729 | — 
me 2 | 2581 | 38.4 | 63.4 | 1424) — 33.3 | 17.3 — 


In this manner, however, it is quite possible that part of the oxygen 
is used in tube C for the oxidation of CO present. In that case the increase 
in weight of tube E would be due to the sum of the amount of CO and 
part of the oxygen. Calculated in this manner we find for the two experi- 
ments of table I the results given in table II. 


TABLE II 
Absorption! Gas | Experiment 1 | Experiment 2 Method of 
tube involved (mg) (mg) calculation 
| 
A Oe 57.4 63.4 evolved 
B CO, 134.2 142.4 | evolved 
E CO 7/11 38.1=24.2 | 7/11xX33.8=21.2 | ( cale. after CuO 
E O, | 4/11 x 38.1=13.9 | 4/11 x 33.83=12.1 | ( oxidation at 600° C 
G O, 8/9X17.9=15.9 | 8/9X17.3=15.4 | calc. from H,O 
obtained after re- 
| | duction of Cu after 
— | the experiment 
Estimated total amount 
of gases evolved: 245.6 254.5 
Decrease in weight of 
sample: 240.9 258.1 


If we consider the decrease in weight of the sample as 100 °% then the 
procentual composition of the mixture of gases becomes: 


(pis) | 4.008 % CO % Oz total 
ESD aketicd a) ee 23.8 55.7 10.0 12.4 101.9 
HID, ges dete eed 24.6 55.2 8.2 107 98.7 


AHS) 


The results of these experiments seem to indicate that, indeed, the 
oxygen evolved is partly used in tube C in oxidizing the CO present in 
the stream of nitrogen. In order to ascertain this fact we interchanged 
the furnaces C and F. 

If the decomposition of graphitic oxide is continued during six hours, 
as was done in the experiments 1 and 2 described above, the whole 
experiment takes about 10 hours. The weight of the decomposition 
products found after 6 hours was such that we could assume that the 
decomposition was nearing completion. On the other hand we observed 
during the experiment that, within half an hour, the front part of the 
copper was oxidized and that after one hour the oxidized zone did not 
increase any more. We, therefore, carried out some further experiments 
in which the decomposition was studied over an 1 hour period. The 
temperature of decomposition was again 190° C. As was stated above the 
position of the furnaces C and F was interchanged. We now obtained the 
results given in table III, where G and H give the results of the reaction 
which takes place in tube F and D and E the results of the happenings 
in tube C. 

TABLE III 


| Decrease in weight | Increase in weight in mg of the 
Experiment | of graphitic oxide | various U-tubes 
[mm |m% | Al Bil «e@il|ailpi «sz 
mes) 10h 5) 272° | 36.9 026 | 06 Mise 
| | 
or 4 191.1 | 28.4 00.7 | 110.4 | 1.6 22.8 


The percentual composition of the mixture of gases in both cases is: 


%HO %CO, %CO % 0, total 
| ap. ie Se ee a 22.8 63.5 10.8 3.8 100.9 
et aes ae a 29.1 57.8 11.0 5.1 103.0 


The results of these experiments give rise to the following remarks: 


1. about 70% of the amount of gas escaping during 6 hours of 
decomposition is evolved during the first hour. For this reason all our 
further experiments have been carried out over 1 hour periods. 


2. the weight of tube G increases little; the increase in weight of tube H, 
however, is much larger. This may indicate that on copper as a catalyst, 
CO is oxydized by the oxygen. However, it was observed that the copper 
in furnace F darkens markedly during the first part of the experiment, 
indicating the formation of CuO. This CuO disappears then gradually 
and at the end of the experiment the black zone is no longer visible. 
Apparently, oxygen is evolved before the formation of CO starts. 


The decomposition was investigated also at lower temperatures; the 
results of these experiments are summarized below in table IV. 
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TABLE IV 
> Ta ae 
Temperature of | of graphitic oxide various U-tubes 


decomposition |— 


img | arden eo 


nr 5 120°C | 25.8 3.9 16.0 | 5.6 | 5.6 | 0.8 — 
nr 6 150° C 48.2 6.7 | 22.2 | 18.3 | 2.7 | 3.38} — | 0.9 
nr 7 150° C 44.5 7.0 18.9 | 20.0 | rk 7 | smn | 2.0 


The composition of the mixture of gases obtained at various temperatures 


is given in table V. 


TABLE V 


r 


Temperature of 
decomposition 


Experiment Total 


% H,O | % CO, | % CO | % Oz 
| 


120° C | 62.0 |} 218 | 1.6 20. 


nr 5 5 |-~106.2 
nr 6 150° C 46.1 | 38.0 | 5.6 7.5 | 97,2 
nr 7 150° C 40.6 42.9 | 8.6 7.7 | 99.7 
nr 3 190° C | 22.8 63.5 | 10.8 3.8 | 100.9 
nr 4 190° C |} 29.1 57.8 11.0 5.1 | 103.0 


It is evident from these results that: 


1. the percentage of water in the evolved mixture of gases decreases 
with increasing temperature. 

2. the percentage CO increases with increasing temperature. 

3. oxygen is formed during the decomposition of graphitic oxide. The 
percentage O,, found by this method of analysis, decreases with increasing 
temperature. 


These results would seem contradictory to those of Kon~scHtTTER and 
Haennt [2]. These authors investigated the gases evolved during the violent 
decomposition of graphitic oxide at temperatures between 130°C and 240°C, 
They found only CO and CO,. The ratio CO,/CO appeared to be dependent 
on the velocity of heating of the sample of graphitic oxide. In their experi- 
ments the relative amount of CO increased with decreasing velocity of 
heating. Under the circumstances of their experiments the violent decom- 
position of graphitic oxide occurred only after a few hours of heating. 
These authors did not find molecular oxygen, either in the mixture of 
gases escaping before the explosion or in the mixture of gases escaping 
during the explosion. Horman, FrRENzEL and CsaLAn [3] too find that 
graphitic oxide, during slow heating, only gives off CO and CO, and no Oy. 

A possible explanation of this discrepancy might be sought in the 
experimental cricumstances. Both groups of investigators heat their 
samples of graphitic oxide more or less slowly from room temperature 
to the desired temperature of decomposition. The slowly formed oxygen, 
however, can thus react with the carbon present. In our experiments the 
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velocity of heating was quite high; we placed the samples of graphitic 
oxide only in the furnace after this had reached the desired temperature. 
During this rapid heating the oxygen which escapes first gets a chance 
to escape before it reacts with the organic material. As a result only a 
slight reaction between the oxygen and the carbon will occur in our case. 

It is evident that the composition of the mixture of escaping gases is 
determined by: 


a) the velocity of the formation of oxygen 
b) the velocity of escaping of oxygen from the graphitic oxide 
¢) the reaction velocity between the oxygen and the carbon. 


CONCLUSIONS 


The thermal decomposition of graphitic oxide was studied. In seeming 
contradiction to the results of earlier investigators we found that heating 
of graphitic oxide at temperatures higher than 70° C not only resulted 
in the formation of CO,, CO and H,O, but we found also molecular oxygen. 
The velocity of heating the samples, however, seems to be the factor 
determining the composition of gas mixture evolved. 

We have observed that oxygen is emitted in the beginning stages of the 
heating procedure. It may, therefore, be expected that more oxygen would 
be found, if not subsequent reactions consumed part of it. 
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CHEMISTRY 


CONDUCTOMETRIG INVESTIGATION OF COLLOID SYSTEMS OF 
EGG-PHOSPHATIDES IN TERT-BUTANOL— WATER MIXTURES. 
IIa 2) 


INFLUENCE OF CETYLALCOHOL AND OF CHOLESTEROL ON 
THE INCREASE IN RESISTANCE AT THE FORMATION 
OF OPALESCENT SYSTEMS 


BY 


H. G. BUNGENBERG DE JONG anv M. J. LEXMOND 


(Communicated at the meeting of June 29, 1957) 


1. Introduction 


In part II of this series experiments have been reported on the influence 
of some long chain non-electrolytes (n-decanol, oleylalcohol, cetene) on 
the increase in resistance at the formation of opalescent systems. 

It appeared that: 

a) the resistance factor may reach a much higher value than in the 
case of the blank, b) the shape of the resistance factor curve is considerably 
modified. The above mentioned experiments can only be considered as 
preliminary ones, because in each case only one ratio non-electrolyte/phos- 
phatide has been investigated. For a better understanding it will be 
necessary to investigate the influence of a systematic change of the ratio 
non-electrolyte/phosphatide. 

In the present investigation this will be undertaken with cetylaleohol 
and with cholesterol. The reason why we have included cholesterol in 
this program is that in nature phosphatide and cholesterol often accompany 
one another. Thus the question arises whether cholesterol (polycyclic 
alcohol) may exert a similar action as a long chain alcohol. 


2. Methods 


For a description of the preparation of the stock solution of purified egg- 
phosphatides (about 50 m mol/l in 91 % tert-butanol), the experimental equipment, 
the technique of measurement, the standardized time addition scheme and the 
method of expressing the results (2/Qextr = the resistance factor) we refer to Part 
I of this series. 

The experiments with cetylalcohol have been performed at 21.8° C in the presence 
of a constant NaCl concentration of 20 m mol/l. For the conductometric titration 
of the blank the initial phosphatide mixture from which is started is prepared as 


') Parts I and II of this series have been published in these Proceedings, 
Series B 60, 373, 348, 360, (1957). 
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follows: 15.6 ml phosphatide stock solution in 91 % tert-butanol + 5 ml tert-butanol 
91% + 10 ml H,O + 30 ml NaCl 60 m mol/l. This initial mixture contains 30.3 
vol. % tert-butanol (as the stock solution of the phosphatide contains practically 
4 gr per 100 ml, the 15.6 ml phosphatide solution brings 15 ml 91 vol. % tert-butanol 
into the mixture). The clear blank mixture is titrated with NaCl 20 m mol/l. 

The initial mixtures containing cetylalcohol are prepared in the same way, with 
the exception that instead of 5 ml tert-butanol 91 % we take 5 + A ml solution of 
cetylalcohol of known strength in 91 % tert-butanol, the value of A being such 
that the amount of 91 % tert-butanol added is 5 ml. The clear cetylalcohol con- 
taining systems are titrated with NaCl 20 m mol/l. The molecular ratios cetylalcohol/ 
phosphatide which are given in the following sections have been calculated assuming 
that the phosphatide stock solution is exactly 50 m mol/l. As all experiments in 
section 3 have been performed with the same phosphatide stock solution the per- 
centual error in this ratio is the same, and does not yet play a fundamental réle. 

The experiments with cholesterol have been performed at 38.7° C at a constant 
NaCl concentration of 10 m mol/l. This higher temperature is necessary because at 
21.8° C cholesterol crystallizes out during the conductometric titration. The mixtures 
are made in the same way as above with cetylalcohol, with the exception that the 
5 + A ml solution of cholesterol of known strength in 91 % tert-butanol was pipetted 
at 40° C. Once more the ratio cholesterol/phosphatide given in section 4 has been 
calculated assuming that the phosphatide stock solution is exactly 50 m mol/l. 
In these sections the absolute value of the above ratio does not yet play a funda- 
mental réle. 

In the sections 7 and 8, dealing with the binding cetylalcohol/phosphatide and 
cholesterol/phosphatide, we must know exactly the concentration of the phosphatide 
stock solution. Here we started from a stock solution the strength of which has 
been determined by analysis. 


3. Influence of increase of the ratio cetylalcohol|phosphatide on the resistance 
factor curve 


With one and the same phosphatide stock solution we have, apart 
from a blank experiment, investigated eleven molecular ratios (R) cetyl- 
alcohol/phosphatide. The resistance factor curves obtained have been 
given in the graphs of fig. 1, 2 and 3, while some data relating to these 
curves have been collected in table I. 

Before discussing the shape of the resistance factor curves (sections 
5, 6, 10 and 11) we will first consider where the right ascending branches 
take their origin. In the blank this is the limit clear/opalescent. At R =0.13 
there is already a small milky region which at increase of R broadens 
gradually to the right. It is seen that the ascending branch of the cetyl- 
alcohol systems take their origin near the left limit of this milky region 
(compare shaded blocks in fig. 1-3). It is known from a former investiga- 
tion that in this milky region an O-coacervate is present and adjacent 
to the left of it a region in which we have a P-coacervate !). 

The O-coacervate has the property that it cannot be stirred away, the 
P-coacervate on the contrary is easily stirred away, but after pee 


sal 


1) H. G. BUNGENBERG DE JonG and J. A. G. Davips, These Proceedings, 
series B 60, 255, 265 (1957). 
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‘Y,tert.but. 
20 25 30 


20 25 30 : 20 25 30 


Fig. 1. Influence of increase of the ratio (R) cetylalcohol/phosphatide on the 
resistance factor curve (at 21.8°). In this and all further figures % tert-butanol 
means volume %. On the right ascending branch the resistance at rest (Qr) is 
different from the resistance while stirring (st). Solid curves give here 2r/Qextr and 
broken curves Qst/@extr. For comparison reason the position of the blank curve 
has been given dotted. Shaded blocks on abscissa give region of milky turbid systems. 


Fig. 2. Influence of increase of the ratio (R) cetylaleohol/phosphatide on the 
resistance factor curve (at 21.8°). Captions as in fig. 1. 


Fig. 3. Influence of increase of the ratio (R) cetylalcohol/phosphatide on the 
resistance factor curve (at 21.8°). Captions as in fig. 1. 


oft.but. 
cholesterol 


O02 O04 Of Of 190 02 O04 O68 O8 190 


Fig. 4. Position of region of the O-coacervate, of the P-coacervate and of the 
peak of the resistance factor curves in a tert-butanol—R diagram. 

left: at imcrease of the ratio cetylalcohol/phosphatide at 21.8°. 

right: at increase of the ratio cholesterol/phosphatide at 38.7°. 
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is stopped it appears anew. In our experiments it manifested itself as a 
developing turbidity at rest. As practical lower limit of P-coacervation 
we have taken that tert-butanol concentration where 30 seconds after 
stirring was stopped no visible turbidity developed !). In fig. 4, left, 
we have given in a tert-butanol—ratio diagram the regions of the O- 
coacervate (heavily shaded) and of the P-coacervate (lightly shaded) 
and further the position of the peaks of the resistance factor curves. 
The limiting curves of the above regions point to the limit opalescent/clear 
which is only present at R=0. 

The ‘“peak-curve” has been drawn to a point at 23.6 % tert-butanol 
on the ordinate, the concentration at which in the blank the difference 
between the resistance at rest and while stirring is a maximum (the first 
being about 1 % higher than the second). 

As already stated the ascending branch of the resistance factor curves 
(in figs. 1, 2 and 3) take their origin quite close to the left limit of the 
milky region, which means (fig. 4, left) close to the limit between the 
regions of the O- and the P-coacervation. These branches still continue 
to ascend even after we have passed the lower (practical) limit of the 
region of P-coacervation. This strengthens us in the supposition that the 
material which by its geometrical form (plates) gives rise to the strong 
increase in resistance, is formed at the cost of the P-coacervate and 
therefore presumably belongs to the smectic phase. 


TABLE I 


Some characteristic values relating to the resistance factor curves of the figures 
1, 2 and 3 


cetylale. Qr /Qextr Qst/Qextr 22/Qextr(mean) ; 
phosph. 7 ae = j Pa é are 7 i ee can Qr/Qst 
peak |tert-but.; peak tert-but. peak tert-but.) gt peaks 
(R) value cone. value eone. value | cone. 
0.13 | 1.28 | 23.15 | 1.14 23.5 1.21 23.33 1.12 
0.26 | 41.73 22.45 | 1.44 23.0 1.585 22.73 1.20 
0.88 “| 208 | S848) 1,68 22.45 1.88 | 22.45 | 1.24 
0.40 2.76 21.6 2.17 21.6 2.465 | 21.6 1.27 
046 | 2.82 911 |. 2.58 21.1 2.675 a a Me ee 
0.50* | 2.81 20.45 3.04 | 20.45 2.925 20.45 | 0.92 
0.56 2.36 20.45 | 2.96 | 20.45 2.66 | 20.45 0.80 
0.60 | 208 | 207 | 288 | 2045 | 248 | 20.58 0.72 
0.67 | 1.87 20.7 2.56 | 20.7 | 2.21 20.7 0.73 
0.75 2.01 | 20.45 | 221 | 211 | 211 | 2038 | 0.91 
1.00 1.90 20.0 2.28 | 20.7 | 2.09 20.35 0.83 
| | | 
* 


mean of two series. 


1) The real limit will lie at a somewhat lower tert-butanol concentration 
(about 0.5 94 at R = 0.50), but its determination is not practicable here as one has 
to wait several hours to decide whether a coacervate layer is formed or not. 
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A few remarks may be added. When the system is stirred we observe no turbidity 
in the region of the P-coacervate in fig. 4 and thus the whole region between the 
lower limit of the O-coacervate and the curve giving the position of the peaks is 
then only a more or less transparant opalescent system, in which one observes 
streaks whirling round. When stirring is stopped the streaks disappear spontane. 
ously within 30 sec., except in a small region adjacent to the right of the “peak’’- 
curve. In this region one often observes that at the moment the resistance at rest 
is measured (i.e. after 30 sec. rest) the resistance is still increasing. More to the 
right the reverse applies (the resistance at rest is still decreasing). When we have 
passed the ‘“‘peak’’-line, that is when the increase in resistance breaks down, one 
no longer observes streaks when stirring or at rest and the system has taken on a 
more turbid aspect. 


4. Influence of increase of the ratio cholesterol/phosphatide on the resistance 
factor curve 


The experiments in this section have been performed with a different 
phosphatide stock solution than used in the preceding experiments. 
Characteristic data have been given in table IT. Some of the resistance 
factor curves have been given in the figs. 5 and 6. When they are compared 
with those in the figs. 1, 2 and 3, it appears that, in principle, cholesterol 
acts in the same way as cetylalcohol. As at the temperature at which is 
worked here (38.7° C) a small milky region already occurs in the blank, 
the two limitting curves in fig. 4, right — which is analogous to fig. 4, left, 


TABLE II 
Some characteristic values relating to the resistance factor curves of the figures 
5 and 6 
Qr [Qextr Qst/Qextr 02/Qextr(mean) 
| eae — i a: ae. Qr ! Ost 
aa peak ‘tert-but. | peak | tert-but. peak | tert-but. | at peal 
Phosph | alue cone. value | cone. value | cone. 
(R) | | | | 
0 11s | i951 109 | 10.7 | 1135 | 19.6 1.089 
0.12 136. | 19.55 | 123 | 198 | 1.295 | 19.7 1.10° 
0.19 1.46 105, LS | 200°" | tase PF io75 VP Tain 
0.25 1590 ye LOL 4) 145 19.8 | 1.52 | 19.65 | 1.095 
0.31 1.96 Dc aeeee 2a Stee" S8Ay Ge 19-3. emi 
0.37 2.34 pt | WO || si mel? | AGA Ee 
0.47 3.36 18.0 2.76 18.0 3.06 18.0 | 1.21% 
0.50 3.43 17.8 Oho, |) 17.68. | 3.01 7.7 (7?) 
0.50 3.25 V8 3.5 17.8 e209) ies (1.03) 
0.50 * 3.34 17.8 | Bjalli7s | i = Mlrleal | 3.255 ier) 1.05° 
0.53 Petit 18.0 Pei |) Als | Zone | Ae (0.98) 
0.53 3.21 17.8 2.87 | 17.8 3.04 | 17.8 (1.12) 
0.53 * 2.96 ly Pagel A) fs) | We) 1.05 
0.55 ai) 17.8 Boge ie) | 2.87 17.8 1.93 
0.60 | 2.38 17.15 3.01 17.15 2.69° L715 0.79 
0.70 2.38 17.0 3.66 | 17.0 3.02 | 17.0 0.65 
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for cetylalcohol—take their origin from two points on the ordinate. The 
region of the P-coacervate starts on the ordinate from the lower limit of 
the region of the O-coacervate. This was to be expected from a former 
investigation !). It is interesting that the ascending branch of the blank 
curve (fig. 5, see R=0) shows in its lower part a distinct difference 
between Q, and Q,,, which is hardly present in the blank curve at 21.8° C. 
We may possibly consider this as the beginning of a peak. Therefore in 
fig. 4, right, we have drawn the curve giving the (mean) position of the 
peaks through this point on the ordinate. 


5. Height of the peaks of the resistance factor curves in dependence on the 
ratio non-electrolyte/phosphatide 
a) Experiments with cetylalcohol (fig. 1, 2 and 3) 

The resistance factor curve of the blank is a simple curve with a flat 
maximum. See fig. 1, R=0. On the lower half of its right ascending 
branch there are slight differences between the resistance measured at 
rest (Q,) and that measured while stirring (Qs). The difference is, however, 
so small (Q, may be here about 1 % higher than 2.) that in fig. 1 we 


1) A/N 1/2 


extr R=0 


(blank) 


extr. R=012 


° 
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R=0.19 R=0.25 
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‘Avert. but Ye f,recr.bur 


Fig. 5. Influence of the increase of the ratio (R) cholesterol/phosphatide on the 
resistance factor curve (at 38.7°). Captions as in fig. 1. 


‘) H. G. BuncenBERG DE Jone and J. A. G. Davins, these Proceedings 
Series B 60, 255 (1957), see fig. 3 , 
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Fig. 6. Influence of the increase of the ratio (R) cholesterol/phosphatide on the 
resistance factor curve (at 38.7°). Captions as in fig. 1. 


have only drawn one curve. But as soon as the system contains cetyl- 
alcohol the difference between 2, and 2, on the ascending branch becomes 
much larger. In the remaining graphs of fig. 1 and in those of fig. 2 and 3 
the drawn curves give 2,/Qextr and the broken curves 125./Qextr. AS soon 
as we have passed to the left of the peaks there is no longer or soon no 
longer any difference between the measurement at rest and while stirring. 
Now coming to the peaks themselves, their beginning is seen at R=0.13, 
though real peaks are not present here yet. Distinct peaks are present 
already at R=0.26 and their height increases up to about R=0.5, there- 
after they diminish in height +). This applies for the values 2,/Qextr as 


1) It must be remarked that the somewhat irregular shapes of the curve at 
R = 0.67; 0.75 and 1.00 are probably due to the separation of cetylalecohol during 


the conductometrice titration. 
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well as for Q.,/Qestr. See fig. 7A in which these values (taken from the 
columns 2 and 4 of table I have been plotted against the ratio (R) cetyl- 
alcohol/phosphatide (column 1 of table I). In fig. 7B the mean of Of Gaur 
and Q.:/Qextr (column 6) has been plotted against R and in fig. 7C the 
quotient of 2,/Qextr and Qst/Qextr (taken from column 8 of the table). 


1, / 26 G 


08 


Q2 o4 o6 O8 


Fig. 7. Dependence of the peak values of Qr/Qextr and Qst/Qextr (left graph) of 

their mean (middle graph) and their quotient (right graph) on the ratio cetylalcohol/ 

phosphatide. In the left graph the solid curve gives Qr/Qextr; the broken curve 

Qst/Qextr. The irregular parts (due to separation of cetylaleohol) have been given 
dotted. 


From these figures it is concluded for the top of the peaks: 


a) there exists a certain ratio cetylalcohol/phosphatide which gives the 
highest peaks in the resistance factor curve. 

b) at ratios lower than the above mentioned one, the resistance at the 
peak top is at rest higher than while stirring, and at ratios higher than 
that the reverse applies. 


The correlation sub. b) is of much practical importance. It has, namely, 
been found that the high absolute 2 value at the peaks are not easily 
reproducible, but that the quotient ,/Q. is less liable to variation. 


We will make use of this correlation in section 7. From figure 7C one 
finds R=0.48 for 2,/Q..=1.0. 


b) Experiments with cholesterol (fig. 5 and 6) 


In fig. 8A we have plotted from the data in table IT, the 2,/Q.xt; and 
2.¢/Qexir aS a function of the ratio cholesterol/phosphatide. Similarly in 
fig. 8B the mean of 2,/Qextr and Q./Qextr and in fig. 8C the quotient 2,/Qx 
have been plotted. 

When we compare these figures with the analogous figures for cetyl- 
alcohol in fig. 7, it appears once more that cholesterol and cetylalcohol 
have in principle the same action. Thus the same conclusions as drawn 
above from the experiments with cetylaleohol apply in the case of 
cholesterol too. 
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Here with cholesterol we have more irregularities (greater tendency to 
crystallisation), which already begin to manifest themselves at or above 
R=0.5. Very strange is for instance the shape of the Q,./Qextr curve in 
fig. SA. The irregularities have been cancelled out in part in fig. 8B. 


Fig. 8. Dependence of the peak values of Qr/Qextr and Qst/Qextr (left graph) of 
their mean (middle graph) and their quotient (right graph) on the ratio cholesterol/ 
phosphatide. Captions as in fig. 7. 


We already saw in the experiments with cetylalcohol that the quotient 
22,/Qs is less liable to irregularities. This applies here too. See fig. 8C. 
The ratio cholesterol/phosphatide at which the curve in fig. 8C cuts the 
level 1.00 is about 0.52, that is not much different from 0.48 which was 
found for the ratio cetylalcohol/phosphatide. 

It would however be premature, to draw the conclusion that the associ- 
ation between phosphatide and cetylalcohol or cholesterol respectively, 
which gives rise to the strong increase in resistance has this composition. 
This question is considered further in the sections 7 and 8. 


(T'o be continued ) 
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THE INCREASE IN RESISTANCE AT THE FORMATION 
OF OPALESCENT SYSTEMS 


BY 


H. G. BUNGENBERG DE JONG anv M. J. LEXMOND 


(Communicated at the meeting of June 29, 1957) 


6. The path followed by the peak tops in a tert-butanol diagram with 
increase of the ratio non-electrolyte/phosphatide 


a) Experiments with cetylalcohol 


We will now try to give an answer to the question what is the meaning 
of the top of the peaks. In fig. 9A the 2.t/Qextr curves for ratios up to 
0.50 have been designed in one graph, similarly the 2,/Qextr curves in 
fig. 9B. 

It is seen that as the ratio increases the top of the peak shifts in the 
direction of lower tert-butanol concentrations. At the same time the top 
of the peak becomes higher. The bundle of curves in fig. 9A is most 
interesting, as it shows that the right ascending curve branches follow 
nearly the same path, only depending on the available amount of cetyl- 
alcohol how far upward this path can be followed. It suggests that 
irrespective the ratio in the initial system the association between phos- 
phatide and cetylalcohol which is present along the right ascending 
branch of the resistance factor curve has up to the peak (nearly) the 
same composition. 

But there is a limit for the shift of the top in the direction of lower 
tert-butanol concentrations which follows from the figs. 9C and 9D. 
In these figures the peak values of the columns 2, 4 and 6 of table I are 
plotted against the tert-butanol concentrations (columns 3, 5 and 7). 
It is seen that after having reached the highest value of the peak, further 
increase of the ratio cetylalcohol/phosphatide decreases only the height 
of the peak, but does not displace the top of the peak further in the 
direction of lower tert-butanol concentrations. 


*) Parts I and ITI of this series have been published in these Proceedings, 
Series B 60, 337, 348, 360, (1957). 


33 


Now it is interesting that the maximum of the blank resistance factor 
curve also lies at the same tert-butanol concentration (20.45 °%) as the 
above limit to the left of which the peaks are not shifted. It seems 
reasonable to assume that at the top of the blank curve practically all 
phosphatide has left the solution. Then the limit to the left of which the 
peaks cannot move will mean that from here on no further phosphatide 
is available to combine with more cetylalcohol. 
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Fig. 9. Resistance factor curves (A, B) and path followed by the peak top (C, D) 
in a resistance factor—tert-butanol diagram at a number of ratios cetylalcohol/ 
phosphatide. 


35 ee / Vextr J rextr F 357 Ost/ Pent 


Fig. 10. Resistance factor curves (A, B) and path followed by the peak tops 
(C, D) in a resistance factor—tert-butanol diagram at a number of ratios 
cholesterol/phosphatide. 
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b) Experiments with cholesterol. 


In fig. 10A and B the resistance factor curves for ratios up to 0.5 have 
been designed in one graph. Just as in fig. 9A and B the peaks become 
higher and the peak tops are displaced more and more in the direction 
of lower tert-butanol concentrations as the ratio cholesterol/phosphatide 
increases. Whereas in fig. 9A the right ascending branches of the curves 
for different ratios lie close together, this is no longer the case in fig. 
10A. As the ratio cholesterol/phosphatide increases, the right ascending 
branch is shifted systematically to the right. This difference is easily 
explained by the fact that the left limit of the turbid region is strongly 
displaced by cholesterol and only slightly by cetylaleohol (compare shaded 
blocks in the figures 1, 2, 3, 5 and 6. Compare also figure 4A and 4B). As the 
right ascending branch of the resistance factor curve always starts 
upwards near the left limit of the turbid region, the above mentioned 
systematic shift in fig. 10A is not surprising. 

It is further seen that the different right ascending branches in fig. lOA 
proceed practically parallel to one another. Thus when we shift the 
resistance factor curves in fig. 10A in horizontal direction in such a way 
that their foot points coincide, the right ascending branches will also 
~ nearly coincide. We will then have obtained the same situation as in 
fig. 9A and similar conclusions might be drawn. In the tert-butanol diagram 
there is then one path upwards to the left for Q4/Qext and the position 
of the peak tops on this path is determined by the initial ratio cholesterol / 
phosphatide. 

In the case of cholesterol too, the shift of the peak top upwards to 
the right ends at a certain ratio. See fig. 10C and D where the values in 
columns 2 and 4 of table IT have been plotted against the tert-butanol 
concentrations (columns 3 and 5). Unfortunately crystallization is already 
a disturbing factor at a ratio of 0.60. Therefore the points for the ratios 
0.60 and 0.70 which lie quite irregularily have not been designed in the 
figure. Compared to figure 9C and D the vertical descent can be followed 
here only over a small distance. 

This vertical descent lies at about 17.8 % tert-butanol here; that is 
distinctly higher than the position of the flat maximum of the blank 
curve, which lies at about 16.4 % tert-butanol (see fig. 5). Once more 
we find a difference with the experiments with cetylalcohol, where it 
was found that the vertical descent lies practically at the same tert- 
butanol concentration as the position of the flat maximum of the blank 
curve. But this difference is easily explained by a similar shift as the 
above discussed strong shift of the foot points and the right ascending 
branches of the resistance factor curve by cholesterol. One observes 
from figs. 5 and 6 that the more or less flat branch to the left of the peak 
still shows a maximum and that this maximum shifts to the right as R 
increases (for R, 0.12, 0.25, 0.31 and 0.37 it lies at 16.7, 17.4, 17,6 and 17,8 % 
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tert-but. respectively) and at R=0.47 and R=0.50 the maximum can 
no longer be observed. This means that the vertical descent in fig. 10C 
and D lies at about the same tert-butanol concentration as the maximum 
of the lower branch. We may thus conclude that the vertical descent is 
correlated here with all phosphatide having been separated from the 
solution. In principle there is therefore no difference between the experi- 
ments with cetylaleohol and cholesterol. 


7. Binding of cetylalcohol to the phosphatide 

In section 3 we always started from a mixture of 30.3 % tert-butanol, 
to which 15.6 ml phosphatide stock solution had been added. Assuming 
the concentration of the latter to be 50 m mol/l, it was found that the 
highest peak (or better as a criterium for this, 2,/Q=1.00) lies at a 
ratio of 0.48 (see fig. 7C). It is, however, not certain that all cetylalcohol 
is bound to the phosphatide, it being possible that part of it is free in 
solution. 

For determining the binding we must necessarily perform experiments 
at a number of phosphatide concentrations and we should furthermore 
start from a stock phosphatide solution in which the phosphatide con- 
centration is known by analysis. In this and the following section we 
used a stock solution which contained 46.9 m mol/l phosphatide ty 

In the experiments with cetylalcohol it was started from four phospha- 
tide concentrations in the initial 30.3 °4 tert-butanol mixture (namely 
by taking 5.2; 10.4; 15.6 and 20.8 ml phosphatide stock solution). The 
experiments have been performed at 20.8° C. Wé make use of the correla- 
tion found in section 5 that at the highest peaks of the resistance factor 
curve the quotient 2,/2=1.00. One has only to investigate two additions 
of cetylalcohol for each of the initial phosphatide concentrations which 
lie sufficiently close together, but so that for the first addition OVO | 
and for the second (larger) addition 2,/Q<1. We may then find by 
interpolation at which addition 2,/2,—= 1.00. The volume of NaCl 20 mmol/l 
added from the buret for reaching the peak plus the initial volume gives 
the total volume of the system at the peak. As we know the amount of 
phosphatide and cetylalcohol present we may thus calculate the con- 
centration of cetylalcohol and phosphatide at 2,/Q,,—= 1.00. 

In performing the experiments we have avoided as much as possible 
the separation of cetylalcohol during the conductometric titration, the 
danger of which especially in the experiments with 20.8 ml phosphatide 
solution is greatest. To this end the weighed amount of cetylalcohol was 
added in the titration vessel which contained only the 91 % tert-butanol 
solution of phosphatide (thus e.g. 15.6 ml phosphatide stock solution 
+ 5 ml 91 % tert-butanol). While stirring the cetylalcohol was dissolved, 


1) We here thank Dr. A. E. F. M. Meyer for performing the analysis of our 
stock solution. The total phosphatide concentration was determined by P-analysis. 
The mean of a determination in triplo was 46.89 + 0.24 m mol/l. 


36 


aided by raising the temperature of the water in the bath surrounding 
the titration vessel. We then add 20 ml H,O and 20 ml NaCl 60 m mol/l. 
We should now obtain a perfectly clear solution. We cool down to 20.8° C 
and start the conductometric titration. With the highest amounts of 
cetylalcohol used it may happen that even during the titration the cetyl- 
alcohol crystallizes out. To avoid this the mixture is once more heated 
and cooled down. 

The resistance factor curves obtained at the four phosphatide con- 
centrations are given in fig. 11; in these the amounts of cetylalcohol 
present in the system are given in grams. It is seen that the experiments 
at 20.8 ml phosphatide give curves which are irregular in shape. Possibly 
the reason is not so much that cetylalcohol separates out during the 
titration, but rather that because of local decrease of the tert-butanol 
concentration as a consequence of not ideally rapid mixing partial collapse 
already occurs. 


10.4 mi 


¢ 10.4 mi 
0.0566 g * 0.07024 }1g0 


15.6 ml 
0.0849g 


20.8 mi 
0,1134g 


20 24 20 24 . : 20 24 18 22 


Fig. 11. Resistance factor curves used in the determination of the binding cetyl- 
alcohol/phosphatide (solid lines = 2r/Qextr; broken lines = Qst/Qextr). 


In the following table III we give in columns 3 and 4 the concentrations 
of cetylalcohol and of phosphatide calculated as above for 2,/Q.,= 1.00. 
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TABLE III 
Binding of cetylaleohol to phosphatide 


: cone. (m mol/l) data at 
mal phosph. ae pout: at Qr = Ost 18.2 % tert-but. 
. : Value : = — —=s 
im mixture 
Q/Qextr a Q/Qextr | phosph. 
cetylale. | phosph. (mean) | (m mol/l) 
| 
5.2 | 1.235 213 2.90 ace 2.47 
10.4 | 1.65 3.10 5.74 1.285 4.93 
15.6 2.90 3.76 8.31 1.47 asst 
20.8 4.76 * 3.99 | 10.24 1.76 9.80 


* The presumably erroneous value of Qr/Qextr in the right graph has been 
omitted in calculation of the mean. 


** Here only the value at 0.0450 g is available. 


These have been plotted in fig. 13, left. The slope of the best fitting 
straight line through the points has been calculated to be 0.26. This 
line cuts the ordinate at 1.49 m mol/l. Thus the binding proportion 
of cetylalcohol/phosphatide is close to 1 cetylalcohol/4 phosphatide, 
whereas the equilibrium concentration of cetylaleohol amounts to about 
1.5 m mol/l. For comparison we have dotted in the figure lines with 
slopes 1/2; 1/3; 1/4 and 1/5. 


74m mol/L cetylalc. m mol/L cholest. 7) 


m mol/l phosph. m mol/l phosph. 
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Fig. 13. Concentrations of cetylalcohol (left) and cholesterol (right) as a function 
of the phosphatide concentration at 2r = Qst. The broken lines denote slopes of 
"Tes */3s ‘4 and 7/5. 


8. Binding of cholesterol to the phosphatide 

In just the same way as in the preceding section the binding of cholesterol 
has been determined at 38.7°, starting from the same phosphatide stock 
solution of 46.9 m mol/l, The cholesterol used has been recrystallized from 
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alcohol. It appeared to be impossible to determine the resistance factor 
curve starting from 5.2 ml phosphatide stock solution, as during the 
titration cholesterol crystallized out. Thus there remain the experiments 
with 10.4, 15.6 and 20.8 ml phosphatide stock solution in the initial 
mixtures. See fig. 12. After preheating to a higher temperature (55°) 
before performing the titration at 38.7° crystallization was avoided 
during the titration except for a trace of crystallization in the case of 
20.8 ml phosphatide stock solution with 0.190 gr cholesterol. The same 
irregular shape of curves is present here as with 20.8 ml phosphatide and 
cetylaleohol (which we ascribe to partial collapse as a consequence of 
the not ideally rapid mixing during the titration). 

Proceeding in the same way as in section 7, we find for the cholesterol 
and phosphatide concentration for 2,/Q. = 1.00 the values given in table IV. 

The data of the columns 3 and 4 have been plotted in fig. 13, right. 
The three points lie on a straight line, the slope of which has been calculated 
to be 0.255. This line cuts the ordinate at 2.02 m mol/l. Thus the binding 
proportion of cholesterol/phosphatide is practically. 1 cholesterol/4 phos- 


18 21 24 18 21 24 18 21 24 


Fig. 12. Resistance factor curves used in the determination of the binding 
cholesterol/phosphatide. (solid lines = Q2r/Qextr; broken lines — Qst/Qextr). 
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phatide, whereas the equilibrium concentration of cholesterol amounts 
to 2 m mol/l. 


TABLE IV 
Binding of cholesterol to phosphatide 
| eh cone. (m mol/l) data at 
ml phosph. | spa Sh at Qr = Ost 16.5 % tert-but. 
in mixture | Felue i. an ot pail Q/2 ain Recor 
£2/Qextr cholesterol | phosph ae Vial seat 


(mean) (m mol/l) 


10.4 SQ) 3 35 5 25 1 375 4 40 


15 6 Selly | 3.93 7.43 1.57 6.58 
20.8 4.83 4.33 9.10 1.79 | 8.74 


9. Discussion of the binding experiments 

In part IT of this series it has been argued that in bi-molecular phos- 
phatide layers (of the smectic phase) a relative disorder must exist, and 
that this can be removed by the uptake of a suitable amount of molecules 
of a long chain electrolyte (see section 7 and fig. 8 in part II). From the 
argument follows that reckoned per molecule lecithine there is an available 
space of cross-section 52—(2 x 20.5)=11 A®. As long chain alcohols have a 
cross-section of 20.5 A? at spreading, it follows that the available space 
will be filled up at a molecular ratio of 11/20.5=0.54, that is close to 
1 molecule long chain alcohol/2 molecules lecithine. We found, however, 
in section 7 for cetylalcohol a ratio of 0.26, which is about half the 
theoretical value. The cross-section of cholesterol (from spreading experi- 
ments) being 40.8 A2, one would expect a binding ratio, of 11/40.8=0.27 
here. We found 0.255 in section 8. 

Thus the expectation comes true for the binding of cholesterol/phos- 
phatide (practically 1 mol cholesterol/4 molecules phosphatide). 

In the argument of section 7 of part II, we have only considered the 
available space between the hydrocarbon chains. The OH group of an 
alcohol will be a factor which opposes the electrically charged positive 
and negative groups of the phosphatide to take in the most favourable 
position (both lying in the same plane). To fill the available space between 
the hydrocarbon chains of the phosphatide on every four phosphatide 
molecules two molecules of cetylalcohol are required, which means two 
OH groups interfering at the surface. In the case of cholesterol on every 
four phosphatide molecules one molecule of cholesterol only is required, 
thus only one OH group which tends to interfere at the surface. It may 
be due to this difference that the expected binding ratio is reached with 
cholesterol and not with cetylalcohol. 


10. Dependence of the resistance factor on the phosphatide concentration 

In part I of this series it was found that for blank phosphatide systems 
the increase in resistance (2 — Qextr)/Qextr 1s proportional to a power of 
the phosphatide concentration which is slightly larger than 1, viz. 
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approximately 1.25. The binding experiments in the sections 7 and 8 
allow for a rough estimation of this dependence in the presence of cetyl- 
alcohol and of cholesterol. 

The means of the peak values of the sets of graphs in fig. 11 and fig. 12 
have been given in the columns 2 of the tables III and [V. These mean 
Q/Qextr Values will be somewhat too low, because they do not relate to 
the actual highest peaks at 2,=2,, but to somewhat lower peaks at 
Q,>Q24 and Q,<Q. By using them, an error will be introduced, but 
this error will presumably have less influence on the power » than on 
the constant & in the relation: 


(Q = GP axte)) SPaeee = EC hacen 


By subtracting one from the mean £2/Q.xtr values we obtain (2 — Qestr)/Qextr 
and the logarithms of these have been plotted in fig. 14 against the 
logarithms of the phosphatide concentrations (columns 4 in the tables 
III and IV). 


Pe Sg Lad 
nr extr = LLexte 
0,50 0.50 
peaktop peaktop 
(2.16) (2.64) 
0,00 0,00 
leftbranch leftbranch 
(1.20) (1.08) 
050-1 
log C phosph. 
0,00-1 


0.50 1,00 : 0,50 1,00 


Fig. 14. Dependence of the increase in resistance on the phosphatide concentration 
see text. 


The slopes of the best fitting straight lines through the points have 
been calculated and given in the figure. It must be remarked that the 
lowest point in the graph for cetylalcohol is somewhat suspect. When 
we omit this, the slope of the best fitting line through the three remaining 
points (3.02) is more comparable to that obtained with cholesterol. 

We may conclude that for the highest peak the increase in resistance 
is proportional to a power of the phosphatide concentration which lies 
between 2 and 3. 

We are of course also interested in the dependance of the increase in 
resistance on the phosphatide concentration after we have passed to the 
left the steep descent of the resistance factor curve. The data from which 
we start are given in the columns 5 and 6 of the tables III and IV. In 
fig. 14 the logarithms of the increase in resistance has been plotted against 
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the logarithms of the phosphatide concentration. The best fitting straight 
lines through the points have a slope of 1.20 and 1.08 respectively. Thus 
after the steep descent the cetylalcohol or cholesterol containing systems 
resemble the behaviour of the blank system, the increase in resistance 


being proportional to a power of the phosphatide concentration which 
is slightly larger than 1. 


11. The steep descent of the resistance factor curve 


When during the titration we have gradually reached a high value of the resist- 
ance factor, this high increase diminishes at further titration at once to a value 
which is more comparable (though still somewhat higher) to that of the blank curve. 
It makes the impression that a “collapse” takes place. It is accompanied by a 
change of the optical aspect. At the peak top the systems while stirring are more 
or less transparent and one observes streaks whirling round. After the collapse 
the systems have a more dull appearance and streaks are no longer observed while 
stirring. 

The meaning of the steep descent is still obscure. We hesitate between a group 
of explanations in which it is assumed that the association between phosphatide 
and non-electrolyte formed on the right ascending branch remains intact (e.g. a 
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Fig. 15. Experiments on the reversibility of the resistance factor curve (21.8°) 


at a ratio cetylalcohol/phosphatide = 0.50. The graphs on the lower row have been 
corrected for the changing phosphatide concentration. See text. 
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number of thin plates unite to thicker plates, see model experiments in Part I) 
and a group which starts from the idea that the above mentioned association breaks 
down (this would explain the similarities of the systems on the left branch of the 
resistance factor curve and of those on the blank curve. See e.g. section 10). 

It is felt that sufficient basic information is still wanting. It will for instance 
certainly be of interest to know whether the steep descent is reversible. 

To this aim we have made some experiments in which we first titrate in the 
usual way, and having passed the steep descent, we continue to titrate with 20 
m mol/l NaCl in 60.6 vol. % tert-butanol. Thus the tert-butanol concentration is 
now changed in the reverse direction. Fig. 15, A and B gives the results for the 
titration of an initial phosphatide solution as used in section 3 at the ratio cetyl- 
alcohol/phosphatide = 0.50. It is seen that on the way back at a tert-butanol 
concentration which is higher than that where the “‘collapse”’ is situated, the resist- 
ance factor increases sharply. The top reached, is, however, much lower, so that 
it makes the impression that the reversibility is far from complete. One has, however, 
to take into account the fact that during the titration the total volume goes on 
increasing so that the phosphatide concentration diminishes. In fig. 15, C and D 
we have corrected all resistance factors to one and the same phosphatide concen- 
tration, namely to that present at 24.25 % tert-butanol.') It is seen that on the way 
back the reversibility is still incomplete, though the difference in height of the 
peaks is relatively smaller now. In fig. 15, E and F (not corrected) and fig. 15, 
G and H (corrected) we have made a similar experiment, in which we have investi- 
gated the reversibility for the right ascending branch. It is seen that the reversibility 
is better here. 

Returning to the relatively low peak in fig. 15 C and D on the way back it must 
be considered that there are two reasons why this peak must necessarily be too low. 
First (see section 9 B) the height of the peak is not proportional to the 1.25 power 
of the phosphatide concentration but to a higher power (higher than 2). The dotted 
peak tops designed in fig. 15, C and D have been calculated assuming this power is 2. 

The second reason why the peak on the way back will be too low, and besides 
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Fig. 16. Experiments on the reversibility of the resistance factor curve of the 
_ blank (21.8°). The graphs on the lower row have been corrected for the changing 
phosphatide concentration. See text. 


*) Use is made of the formula (Q — Qextr)/Qextr = k. C!25. See part I of this series. 
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this will lie at a higher tert-butanol concentration follows from the binding 
experiments in section 7. There we found that not all cetylaleohol in the system is 
bound to the phosphatide. Thus when we increase the volume of the total system, 
the amount bound to the phosphatide must decrease, and a lower peak value which 
is situated at a higher tert-butanol concentration must be expected (see fig. 9, 
A and B). This is confirmed by the fact that at the peak on the way back it is found 
that 2r/Qst > 1, whereas at the peak on the way up 2;/Qst < 1. Resuming the 
above it may be said that the reversibility of the steep descent is far better than 
it seems to be at first sight. 


There remains the fact that on the way back, before the appearance of the peak, 
the curve initially takes a lower path. This induced us to investigate the reversibility 
of the blank resistance factor curve. Starting here with the back titration from a 
point on the resistance factor curve to the left of the flat maximum, the curve on 
the way back takes a similar lower path. See fig. 16, A and B. The reversibility on 
the right ascending branch of the blank curve, is better, though here the path back 
still lies lower. See fig. 16, C and D. 


12. Summary 


1. The influence of increase of the ratio non-electrolyte/phosphatide 
on the resistance factor curve has been investigated in some detail for 
cetylalcohol (at 21.8° CG) and cholesterol (at 38.7° C). 

2. From the path followed by the peaks of the resistance factor curves 
in a tert-butanol diagram it is concluded that an association of non- 
electrolyte and phosphatide is formed on the right ascending branch of 
the resistance factor curve. 

3. From investigations at a number of phosphatide concentrations 
it is concluded that at the highest peak tops the composition of the 
association is: 

; 1 molecule cetylalcohol/4 molecules phosphatide and 

1 molecule cholesterol/4 molecules phosphatide. 

4. The ratio 1 :4 corresponds in the case of cholesterol to the available 
space in the bimolecular layers of phosphatide (according to the provisional 
theory given in part II of this series). 

5. In the case of cetylalcohol one would expect a binding ratio 
1:2 An explanation has been proposed why this ratio is not reached. 
It is based on the tendency of OH groups to interfere with the most 
favourable position of positive and negative charges of the phosphatide 
molecules (these lying in one plane). 

6. For a future explanation of the sharp descent in the resistance 
factor curve in the presence of long chain non-electrolytes the following 
facts may prove useful: 

a) The increase in resistance at the peaks is dependent on a higher power 
(between 2 and 3) of the phosphatide concentration than after the 
sharp descent (slightly higher than 1). 

b) The sharp descent is in principle reversible. 
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University of Leiden 


GEOLOGY 


A TEKTITE FROM THE ISLAND OF FLORES (INDONESIA) 
BY 


G. H. R. VON KOENIGSWALD 


(Communicated at the meeting of November 30, 1957) 


While my paper on tektites from Java—in which the morphological and 
chemical relationship between the javanese and the australian tektites is 
discussed in detail —is still in the press, I have the privilege to announce 
the discovery of tektites from a point roughly halfway between these 
two regions, namely from the Isle of Flores. This discovery was made by 
Dr. TH. VERHOEVEN, s.v.d., from Mataloko, Flores. 

On February 11th this year Mr. B. Sturmers, Director of the News 
Agency Antara, Amsterdam, kindly sent me the copy of a cable received 
from Indonesia, stating among others that Dr. VERHOEVEN had found 
on Flores the skull of a prehistoric animal, about one million years old. 
We immediately asked Mr. VERHOEVEN to send details, and he was so 
kind as to furnish in a letter from Kupang, Timor, dated April, 4, 1957, 
some photographs, which showed clearly enough that he had discovered 
the remains of Stegodons. The best specimen is a fragment of a lower jaw, 
containing a nearly complete third molar with 11 ridges, missing probably 2. 
It is a typical Stegodon of the trigonocephalus-group; its presence so far 
east of the Wallace-line is astonishing, and an important contribution to 
the distribution of the Pleistocene fauna. From a study of the modern 
fauna RENSCH (1937) already had drawn the conclusion: “‘Zur Zeit einer 
wahrscheinlich pleistozinen Lingsverbindung Malakka—Sumatra—Java— 
Kleine Sunda Inseln war das Klima kiihler als heute, so dass sich flug- 
unfahige Hochgebirgsformen ausbreiten konnten... Eine unmittelbare 
Landbriicke Java—Siid Celebes bestand zu einer Zeit, als die Lombok- 
strasse schon eingebrochen war’’. We may indeed see in the discovery of 
Stegodon in Flores a confirmation of this “interconnection”, while this 
elephant has also been found in Southern Celebes. 

As the original fossil material in the meantime has reached Dr. Hoo1gER 
in Leiden, it is not necessary to enter into details. We may only state, 
that Stegodon trigonocephalus in Java is most typical of the Trinil Layers, 
and its presence already suggest a probable Middle Pleistocene age. 

Now in Java the Upper Trinil Layers of Sangiran contain tektites, a 
black glass of cosmic origin. As tektites cover an extensive area in South 
Kast Asia and Australia, while they are not known to have fallen recently, 
we may assume, that they came down all at the same time. An indication 
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for this is, that we have found two localities on Luzon. Philippine Islands 
—one on the Island of Anda, Pangassinan (vide Brymr 1955, pg. 18) 
found in 1953; another was discovered in the meantime in Northern 
Luzon by L. Wirson—where we have tektites in the same layer with 
highly specialised Stegodon and Elephas, which indicate the same horizon 
as Sangiran. It was therefore only natural to ask Dr. VeRHOEVEN whether 
he had ever observed any tektites on Flores. 

Much to our satisfaction he had. He had found them as ammulets in 
the girdle, the “‘ikat pinggang’’, of the native population. He had sent 
one stone for determination to Holland, without receiving my answer, 
but the second one was still in his possession. Dr. VERHOEVEN was kind 
enough to let us have the specimen, which turned out to be a typical 
tektite with some very unusual pecularities. 


Fig. 1. Tektite from the Island of Sumba, about 14 nat. size. Deformed coretype, 
A. from in front, B. side view, C. reconstruction of the original shape. 
Collected by Dr. TH. VERHOEVEN, s.v.d. 


The specimen in question is 23 mm long and might be described as a 
flattened round body. The colour is black, but without lustre. On one 
side it shows a button-like surface, with a small hole in the middle and 
some concentrical lines. Such a kind of surface is wellknown to us, as it is 
typical of the “‘coretype” of Australites and Javanites. The specimen is 
without any doubt a “deformed coretype”’. 

As the coretype by transition changes into the “‘buttontype” (only 
known from Australia), the movement of this body must have been straight 
and without any rotation. The deformation therefore must be due to the 
fact that our core has hit something hard like a bullet hitting a wall. 
As it has not splintered in many pieces as one might expect from a body 
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made up of glass this must be taken as proof that it was not yet completely 
consolidated and cool, but still in a half-molten condition. Also from 
Australia deformed cores are known — FENNER 1934, pl. LX, fig. 5; 1938, 
pl. X, fig. B—, but not to such an extreme extent as from Flores. 

The tektite from Flores, found evidently in the neighbourhood of the 
Stegodon-remains, indicates already by itself an Upper Middle Pleistocene 
age of these Beds. That the specimen had been collected as a charm, is 
not unusual, H. OTLEY Bryer has drawn attention to this fact in an 
extensive study. 

Of particular interest is the geografic distribution of the “‘coretype”’. 
It seems completely absent from the north — Malakka, Indochina, Hainan — 
and also probably from the northern Philippines. It appears rarely in 
Billiton, is regularly observed in Java, and probably in the southern 
Philippines; of two specimen from Surigao Province, Northeast Mindanao 
preserved in the collections of the University of Austin, Texas — nr. 31292, 
coll. G. Kemmerer, Madison —one is a typical “‘core’’, the other a Billiton 
type with navels. The first specimen from Flores isa “‘coretype”’, and this 
type is abundant in Australia. The concentration of cores towards the 
south is obvious, and might provide us with a new clue about the nature 
of the cloud of tektites, which came down in the Middle Pleistocene. 

Recent investigations by EkmMaAaNnN (1957) have provided us with new 
facts which clearly point to a cosmic origin of these bodies. ““The presence 
of Al?’ and Be?® activities in tektites is proof that they are extra- 
terrestrial” (p. 110). ‘‘Since the specific activities obtained for Al?* are 
more reliable than those obtained for Bel, only the Al*° values are con- 
sidered in this connection ... On this basis the Australites must be dated 
as quite recent, since their specific activity of Al*® is only slightly lower 
than that found in recent stone meteorites. It may be estimated that their 
terrestrial age is certainly less than one half-life of Al?® and probably less 
than 500,000 years” (p. 113). Which is, very unexpectedly, also a con- 
firmation of their geological age as based on stratigraphical consideration. 
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GEOLOGY 


SOME EXPERIMENTS ON FLUVIATILE ROUNDING 
IB 


Po. H. KUENEN 
(Communicated at the meeting of December 28, 1957) 


Abstract 


Experimental abrasion of lithographic limestone and quartz was realized by a 
current in a circular moat of concrete. For quartz grains of sand size the loss per 
kilometer decreases to extremely low values after initial slight dulling of corners 
and edges. This result appears to indicate that the natural rounding of quartz 
grains is not due to the mechanical action of fluviatile transport and probably 
not to surf action either, but to transport by wind and to chemical attack. 


In former papers (KUENEN, 1955. 1956) results were reported of experi- 
mental fluviatile abrasion of pebbles. In further experiments smaller 
pebbles and sand sizes have been tested by the same method, that of a 
current in a narrow circular moat driven by a churn. A fuller account 
will be given elsewhere. 


Solnhofen limestone 


First, limestone cubes (mainly Solnhofen lithographic limestone) were 
tested on a floor of cement made of coarse, poorly rounded river sand. 
The abrasion values of small pebble sizes over the first 16 km are shown 
in Fig. 1, together with some results obtained with the same material 
on a pebbly floor in former experiments. 

It is obvious that the influence of velocity is complicated but not 
very significant when the particle rolls on a bottom of much finer grain. 
On a floor of equal or larger grain the abrasion increases much more with 
velocity. Size also has only a moderate influence in the range of small 
pebbles rolling on a “sandy” floor, especially when travelling at high 
velocities. 

Smaller sizes down to 0.4 mm cubes were also tested. These are compa- 
rable in size or smaller than the grains of the floor. The loss over a given 
distance decreases with size and the smallest grains lose very little (Fig. 2). 

It was also found that—as with the pebble sizes on a pebbly floor— 
increasing roundness reduces the loss per kilometer on the fine grained 
floor. Again, this decrease of abrasion is most marked over the first few 
kilometers of transport. Loss from the 0.4 mm cubes is so slight that 
during the first experiments none could be detected, except for an initial 
insignificant dulling of the edges. Later, the use of a more accurate pair 
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of scales demonstrated a minute loss after large distances of travel had 
been allowed. For instance, on the stretch from 240 to 360 km distance, 
at a velocity of 84 em per second the abrasion is only 0.003 per cent 
per kilometer. 


of cubes 


Size 


OP ilo 38e4) 15% 
Loss over 16km 


Fig. 2. Relation between size and loss over the first 16 kilometers on concrete 
of lithographic limestone. Averaged for various velocities. 


Quartz 


In a later series of tests quartz cubes were examined. They react 
similarly to limestone grains but much more slowly 1). Some characteristic 
results are shown in Table I. The values for quartz are 5 to 40 times as 
low as for Solnhofen limestone. 

There is reason to assume that river transport causes even less mechanical 
abrasion than what was found in the present experiments. The small 
depths and smoothness of the experimental current reduces vertical 
turbulence. Hence the grains make only very small jumps and are not 
transported in suspension. In a natural river saltation and true suspension 
are more significant. Moreover, as much of fluviatile transport takes 
place during floods when a high proportion of the load is in suspension, 
it may be safely concluded that the experiments give too high a value 
for abrasion. 


') This is not the case in wind tunnel experiments which are being carried out. 
The brittle nature of quartz causes losses of the same order of magnitude as for 
lithographic limestone, provided the grain is not smoothly rounded. Wind abrasion 
is very much more rapid than fluviatile attack and in contrast with underwater 
abrasion it does not decrease with size. 

4 Series B 
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TABLE I 


Abrasion of cubes of lithographic limestone and quartz, grains from granite, and 


subangular river sand 


= a) 5 > 
Size Velocity | Distance | __ ie ne J ee ae 
mm — em/sec | in km | limestone | quartz km limestone | quartz 
| 

2.5 130 32 0.98 16-32 | 0.023 
256 4.16 128-256 | | 0,012 
2.5 35 32 4.05 0.13 16-32 0.118 | 0.004 
256 0.47 128-256 | 0.001 

1.5 86 96 5.7 32-96 | 0.054 | 
1 40 64 1.85 0.17 | 32-64 0.022 | 0.002 
192 0.24 128-192 | 0.0005 
0.6 ai 128 | 0.150 | 64-128 | 0.0003 

0.4 84 368 248-368 | 0.0027 | 
12-15 | 46 32 0.18 g-24 | 0.0024 
granite 264 0.51 | 32-832 | 0.0014 
1.5-2 94 152 0.26 | 0.0017 

river 
15-2 42 222 0.0002 

river | 


The surface velocity of a natural stream is two to three times greater 
than the speed of the grains on the bottom. A grain velocity of 40-50 
cm/sec is equivalent to transport in a normal major river and 90-100 
em/sec corresponds to a fairly swift stream. 

Doubt can be felt whether the abrasion of cubes is of the same order 
of magnitude as of natural angular grains. Tests were therefore made 
on quartz from a weathered granite soil. Interpolation between measured 
values shows that quartz cubes of 1.5 mm would lose somewhat less 
than 0.001 °% per km after about 200 km of travel. The amount of 0.0014 
measured on the granite quartz of 1.2-1.5 mm is in very good agreement, 
because some feldspar and mica adhered to the quartz grains and the 
loss must therefore be higher than from pure quartz (PIL. I, C). 

Another test was made on 1.5—-2 mm grains from a river sand showing 
roundness of .4 according to Krumbein’s classification (1941). At a high 
speed of travel (94 em per second) the loss was 0.0017 % per km, but 
at 42 cm per second it was only 0.0002 % per km. For a normal sized 
grain of 0.5 mm diameter and similar roundness the per-kilometer loss 
should be roughly 0.0001 %. 

To realize how very slight this abrasion is, it should be noted that 
10,000 km of transport would cause no more than 1 % loss, an amount 
that would be very difficult to detect on an angular grain and quite 
invisible on a subangular one. In a sedimentary cycle of denudation 
the average distance of transport by rivers is less than 1000 kilometers. 
Consequently the mechanical fluviatile abrasion of medium sand grains 
during ten cycles would cause less than 1 % loss in weight. 
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In former experiments (KUENEN, 1956, Fig. 19) it was found that an 
irregular shape must, on the average, lose 20 % in weight to become 
well rounded (Cailleux roundness 400 = .7 to .8 Krumbein). For 4 mm 
quartz grains this would require more than 200,000 km of rolling because 
the loss must be even less than 0.0001 Y% per km after the grains have 
become subrounded. 


Revolving cylinder tests 


In a recent paper BERTHOIS and PorTIER (1957) report results of abrasion 
experiments in which losses, although small, were significantly higher 
than obtained in the present investigation ?). After 2000 km of transport 
their quartz grains of 11-2 mm were still losing 0.003 % per km, about 
10 times the value obtained by the present author for grains of the same 
size and 20 or more times the loss deduced for medium sand. There 
appear to be three reasons for this divergence. 

In the first place they used crushed quartz crystals. The extremely 
sharp angled flakes are more fragile and less compact in shape than 
natural quartz gr: ns produced by disintegration of rocks (see Plate I, A). 
Chipping, the most effective process in abrasion, is therefore more active 
on the artificial material. Loss is roughly twice the value measured on 
the granite quartz in spite of the fact that the latter is augmented by 
feldspar and mica loss. This cause of difference must decrease as the 
abrasion goes on. 

In the second place the technique of Berthois and Portier consists of 
placing the sediment in a revolving horizontal cylinder of concrete. This 
method, derived from Daubrée, was criticized in a former paper (KUENEN, 
1956). In order to substantiate this criticism Berthois’ instrument was 
copied and the motion of the particles was analyzed by a slow-motion 
film. This shows that the movement depends on the amount and grain 
size of the sediment, on velocity, and on the amount of water. But in all 
cases the grains are crowded together by gravity. Hence, the front of a 
rolling grain is in touch with the rear of its down-slope neighbour, but 
the two surfaces turn in opposite directions. Its rear grinds against the 
front of the grain following it (Fig. 3). The result must be a more active 
abrasion than when grains are rolled forward by a current. 

Theory and observation both show that on a river bed the grains roll 
and jump separately and freely and are not crowded between neigh- 
bouring grains. The conclusion is therefore warranted that the method 
used in the present experiments is a closer approach to the natural 
mechanism of fluviatile abrasion than a revolving cylinder. 

A test comparing abrasion in the revolving cylinder with abrasion 
caused by a current on the same type of concrete, at the same velocity 


2) In their table the loss of 0.008 % per km should be for 450 km, instead of 
45,0 km. The equation they give does not apply to the loss per kilometer but to 
the cumulative curve. 
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of travel and using the same grain size, showed a loss 3 to 4 times higher 
in the cylinder. The difference persisted for 600 kilometers, until the 
experiment was concluded. 


Current 
ae is (J 


Fig. 3. Diagrams showing type of movement of sand grains carried by a current 
and rolling in a revolving cylinder. 


Finally the numerical result depends also on how “‘loss” is defined. 
In the present investigation a given number of individual particles were 
used and these were collected and weighed after each run. The loss in their 
combined weight was considered as abrasion loss. But when a large 
quantity of sand is used, as in Berthois’ cylinder, one has to catch the 
grains on a sieve after each run. Some grains will manage to drop through 
the sieve used for limiting the original size, even if the change in shape 
has been small. To count these grains as loss, because they have disappeared 
through the original sieve, exaggerates the apparent influence of abrasion. 
At any rate loss thus defined does not indicate how much the rounding 
has advanced. To find the loss representative of the increase of roundness, 
the initial grains must all be retained and only small flakes that have 
come off can be taken as abrasion loss. 

The present author experimented in the revolving cylinder with crushed 
quartz of 1.5 to 2 mm. Any chip passing through a 0.3 mm sieve, and 
therefore less in weight than one per cent of an original grain, was 
reckoned as loss by abrasion contributing to the rounding. The fraction 
passing through the 1.5 mm mesh and caught on the 0.3 mm one at the 
end of the experiment was about 6 per cent. 

These enumerated differences of method readily account for the ten 
times higher per kilometer loss found by Berthois and Portier, 
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Grain size mixtures 

In the experiments described so far the grains were all of the same 
size. An attempt was made to discover whether a few small grains between 
a much greater number of large ones, or a few large grains between many 
small ones, behave in a different mannet. Using the technique of luminous 
paint described earlier (KUENEN, 1956) it was ascertained at which 
velocity a selected grain moved when travelling either separately or 
mixed with 4 kg or 1 kg of sand of larger or smaller size. Knowing the 
velocity it was then possible to ascertain the per-kilometer loss of a 
hundred test grains, also when mixed with a much larger amount of sand 
of different grain size. 

Measurements were made of the per-kilometer loss at a given velocity. 
In one case the grains were mixed with sand (at least 1000 times as many 
grains) in the other they travelled in clean water. The former condition 
calls for a higher water velocity. In this manner the influence was exa- 
mined of angular quartz sand of 1-1.2 mm on limestone cubes of 0.6 
and 0.4 mm. Another test concerned the influence of 0.4 mm rounded 
sand on limestone cubes of 1.6 mm. These preliminary results indicate 
that in a mixture of coarse and fine sand the abrasion is roughly the same 
as in pure fractions. But additional tests are required. 


Conclusion 

These experiments show that the mechanical abrasion of quartz grains 
of less than 2 mm diameter is extremely slow and almost imperceptible 
below 4 mm (0.0001 % per km). In fact the losses are so smal] that even 
in the longest rivers the amount of mechanical rounding should be 
negligible. After a succession of ten sedimentary cycles with major river 
transport each time, a quartz grain would still remain quite angular if 
no other factor intervened. To reduce a cube of 0.5 mm to a sphere, for 
instance, would require a river transportation of something like one 
million kilometers. 

The conclusion must be that distinctly rounded sand-size quartz grains 
have been modelled either by wind or by chemical attack. Conceivably 
solvent action occurs either during river transport or while grains stagnate 
in flood plain deposits. Surf action, though effective, is probably quanti- 
tatively unimportant. However, this requires separate investigation which 
the author intends to undertake. 
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PHYSICS 


ON FERMIONS AND REFLECTIONS 
BY 


S. A. WOUTHUYSEN 


(Communicated by Prof. J. DE BoER at the meeting of October 26, 1957) 


Introduction 

By the recent discovery of lack of space-reflection invariance in weak 
fermion-interactions, the problem of finding the appropriate coupling is, 
on the one hand, more difficult than ever, because of the doubling of 
the number of coupling constants. On the other hand, more experimental 
material becomes available; experiments on polarization and polarization- 
correlation seem to be less precarious than the difficult recoil experiments, 
on which one formerly had to rely for information about the type of 
coupling. 

Theoretical considerations of a more or less speculative type have been 
called upon formerly, in order to formulate invariance principles which 
would narrow down the freedom in choice of the coupling, but they 
invariably seem to have been unsuccessful. 

Nevertheless, we shall try in the following to formulate a set of postulates, 
which will lead to results in qualitative agreement with experiments. 


Preliminary remarks 

The work on unitary representations of the Lorentz-group by WIGNER, 
BARGMANN and others has led to a virtually unique description of free 
particles. These group theoretical considerations lead to a description in 
momentum variables of the usual type, with creation and annihilation 
operators for particles in states of definite momentum and spin. In terms 
of these operator-fields in momentum space one can express all the 
infinitesimal operations of the Lorentz-group as well as the discrete 
operations of space-inversion and time-reflection. 

In the usual theory one then proceeds to construct an operator field 
in space time, the Dirac field, which has the following properties: 

1) it is linear in the creation and annihilation operators of momentum 
space, 

2) it transforms as a classical spinor field under the operations of 
the Lorentz-group, 

3) its anticommutator with its conjugate in another space-time point 
vanishes for spacelike separations, that between w(x) and p(x’) everywhere. 

It is this field w(x) which is then used to formulate interactions, in 
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general of the local type. However, the ordinary Dirac field in space-time 
is not the only one, satisfying these requirements. Indeed, if one multiplies 
y(x) with the c-number operator e”” one obtains another field 
p(x) = é'y(x) which satisfies them as well; with two exceptions: 
the operations of space-inversion and of time-reflection, defined in 
momentum-space-fields, will now exhibit a dependence upon 4 }), 

If space inversion leads, for y(x), to Ro y(z,t)\R = w(x, t) = ey? w( —a, t) 
with e=+1, +7, the transformation for yp is: 


Jigen po (ab) i= se 999 y'A)( — x,t) 


A can be in general a complex number. Its real part leads to a change in 
space inversion property with an accompanying change in the charge 
conjugation—an operation which is easily defined in momentum space 
and which leads to an interchange of particle — and anti-particle operators 
—while its imaginary part leads to changes in space-inversion and time- 
reflection without affecting charge-conjugation. 

A fermion can therefore be described by the Dirac field in space-time, 
or by any field y”(x) constructed in the above way, and this does not 
make any difference as long as we have to do with free particles. However, 
as soon as we have different fermions in the same interaction, there will 
result new possibilities. If the fields have different 2, ie. a different 
reflection parameter, the phenomena described by these interacting fields 
will in general exhibit a lack of reflection invariance. Of course, the form 
of the interaction also plays a réle in this respect, but we leave it, for 
the moment, with this vague statement. 

Because, up to the present time, there are no experimental indications 
for a lack of time-reflection invariance, we shall restrict the following 
discussions to real values of 4. 

Thus we are led to the assumption that each spin 1/, particle is charac- 
terized by two quantities: an inverse length (its mass value) and a re- 
flection parameter 4. The lack of reflection invariance should then be due 
to “conflicting” reflection-parameters of interacting particles. If we 
require now that lack of reflection invariance is only due to differences 
in reflection-parameters, and only dependent upon these differences, this 
requirement could lead to a preferred type of coupling. The following 
considerations are aimed at two objects: first, to formulate a symmetry 
principle that includes the above requirement on the coupling; and 
second: to find a principle according to which the relative reflection 
parameters can be allocated to the fermions in nature. 


') The notation used for Diracs matrices is the following: 
yk = yl, y2, v3 are hermitean 
is antihermitean 
1 


yy} 


va 

y> = pl y%y3 9 is antihermitean 
eae = 

Reh == Ip 
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Sia-dimensional formalism. The mass vector 
The equations of motion, satisfied by y, are not the usual ones. From 
(p,y*+im) p(x) = 0 and p(x) = e”” y(x) 


follows 
(pyy* + im e247") w(x) = 0. 


If one splits y”(x), by means of the projection operators 


P, = $(1 + ty?) 
into 
v= Pry? yf = Py 


the equation looks as follows: 


\ py" yp? +im e* yp = 0 


(A) —2A 


( py” yf +im e~* yi) = 0. 


We now consider the set of two 4-component fields as parts of an 8- 
component one: 


W then satisfies the supplementary condition 


y(A) 1 O 
ipwaf ™)— Y — 0, 
— yo 0 —1 


0,39 — W. 


or 


The field equation for this 8-component field is 


0) p2d 
; Puy™ +vm ( 7 Ng Pee! 


e = 
which can be rewritten with help of the usual Pauli matrices in the form 
{p,y" +m ch 24 - io, +m sh 22 - (—e,)} ¥ = 0 


Making use of the supplementary condition, we can insert, to the right 
of the mass-terms, a factor o,iy° which leads to 


(py +m ch 2A - o,ty®+m sh 2A - oe, y°) ¥ = 0 
The matrices occurring in the six terms of this equation form a proper 


set of anticommuting 8 x 8 spin matrices, corresponding to a space of 
6 dimensions. 


5o7 


We introduce a notation exhibiting this fact: 


i ee [ = 1870 
iyo, == 1% 
yo, = V3 


From the commutation properties of these matrices it is clear that the 
space in question has the signature + + 4 — + — if taken in the order 
P23 00:3: 

The two parameters, m and 4, characterizing the fermion, appear here 
together as a mass vector (ms, m3) 


me =m ch 2A 


m:; =m sh 2A 


The equation of motion exhibits now a larger invariance group than the 
group we have considered up till now, viz. the subgroup in the 4 dimensions 
1, 2, 3, 0, and the change of reflection parameter 4, which is a hyperbolic 
transformation in the plane One: 

The supplementary condition can be written in a 6-invariant form. 
Indeed, if we define the matrix [7= M273 [P3— _,59, the supple- 
mentary condition is 

—71" WY 


Equation of motion and supplementary condition are the analogues in 
6 dimensions of the relations used in 4 dimensions for the description 
of a two component massless field. 

The relation expressing the absence of 6-mass is obtained by iteration 
of the equation of motion: 


Pi + man = 0 
which, in view of mm =m* reduces to the ordinary relationship between 


4-momentum and mass. 

It is interesting to express the spatial inversion in terms of the I’ 
In case the mass vector is in the 0 direction (m;=0) the inversion is 
given by 

(a, t) = ey p(—a,t) 


which can be translated into the J-language as 
Wi, (a,t) =te Ll? W(—2,t). 
For arbitrary mass vector this relation then reads 


W, (x,t) =ie—m,I* PY —2,t), 
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This form exhibits again the explicit dependence of the inversion operator 
upon the direction of the mass vector. In a straightforw ard way it can 
be shown that ¥Y,(x) satisfies the same equation of motion and supple- 
mentary condition as (zx). 


Invariant couplings 

In order to find the possible 6-invariant couplings between four fermion 
fields, we first study the 6-covariants that can be built with help of two 
fermion fields, which both satisfy the supplementary condition 


—t1 YP = FY, 


Just as, for a two-component field, only one 4-covariant subsists, viz. 
the vector-covariant, in our case only two 6-covariants subsist. Because 
of the fact that two of the six dimensions have negative signature, the 
proper conjugate of Y is 


= Pil? = (p] v2) Y°(— 02) = (Pr Po) (— 2s) 


where 
= + 0 


flees aie oi 
Any covariant, built with two fields Y%, and ¥,, both of which satisfy 
the relation 
—t1 YY oe Y, 


and with an odd number of the 6 fundamental J’ matrices will automatic- 
ally be zero. Furthermore, a covariant built with a product of 7 /-matrices 
(0<7<6) is equivalent with one with (6—7) factors J. As a consequence 
there are only two covariants: those with 7=0 and with 7=2 
These are easily translated into ordinary 4-dimensional language. One 
finds: 
PP, = Vy’ Ye 
and 
YIP, = yyy pe 
VY, mr Y= —1yyy*y* y 
Y, A Py = Diy" Yr 


YEP, =ip, yo. 


As possible couplings we find therefore the pseudoscalar coupling in the 
first case, and a definite mixture of S, V, A, T in the second case. 
The 4-spinors y occurring here will however each have its own reflection 
parameter A, the corresponding fields Y% each its own mass-direction in 
the 03 plane and each field will therefore have its own inversion operator. 
If the coupling is now explicitly written out in terms of the corresponding 
Dirac fields (A=0) by the relation y,=e” yp, the lack of reflection- 
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invariance will show up in the usual way by the appearance of the two 
types of coupling terms together. The relative importance, in the 6-tensor 
coupling, of the constituants S, T, V, A, as well as the lack of reflection 
invariance, will be a function of the A-differences. 

We show the relationship explictly for a special case, where ¥Y% and We 


have the same mass direction — taken in the 0 direction for convenience — 
and 3, W,, the other two fields taking part in the four-fermion interaction, 
have reflection parameters Ase Ag 
Ys PW, = ch (Ay — Ay) ph 978 pl i sh (Ag—A,) yyy 
) 


we, ip Y,=—71ch (Ag +g) po py py’ —sh (Ay +A yo yn We 


ye (0 
PSY = ch (ig +24) Wy" yO +i sh (Ay + Ay) WP yy? 
yo 


‘e 


Py PW, = i ch (Ay— Ag) py —sh (Ay —y) wy 


The coupling constants in the usual notation are then 


Cy = ch (Ay—Ag) Cy = sh (Ag—Ag) 
C= ch Ue) Cr sh A.) 
Oe ch (1,4) Coa sd eA) 
C= —eh (,—1,) CO, = =sh (,—/,) 


It is seen that indeed both the relative importance of 8S, T vs. V, A type 
couplings, and the amount of parity-violation depend upon differences 
in the /-parameters of the four fields (bearing in mind that 7,;=/,=0 
in this special case). 


The relative directions of the mass vectors 

The preceding scheme is without consequences if we do not allot mass 
vectors to the different particles of spin 4/,, occurring in nature. 

In the first place we consider the neutrino. If we start from a Dirac 
field with mass zero, it is clear what the effect is of a factor exp (tAy°) 
put in front of this field in the coupling term: neutrino’s with one screw- 
sense (and the corresponding anti-neutrino’s of the opposite screw-sense) 
will be enhanced by a factor e!”, the other type of neutrino and its anti- 
particle will be suppressed by the same amount. 

In the limit of 1 — co, only one two-component neutrino field takes 
part in the coupling. As experimental results do not seem to be seriously 
at variance with the assumption of two-component neutrinos, we assume 
that the 4 of the neutrino field is co. By a suitable limiting procedure, 
the mass vector for the neutrino field will assume the null-direction 
M;,=M,=?. 

About the other mass vectors we make now the following assumption: | 
the difference between the mass vectors of any two particles is a null- 
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vector in the mass plane. This assumption certainly is the simplest that 
can be made in the circumstances *). 

The neutrino mass vector appears as a “gauge” with respect to which 
all masses are equal, if measured in their own “rest system’. The mass 
plane may be pictured then as in fig. 1. 


0 


& 


Fig. 1 


The reflection parameters, in any frame, can now easily be expressed 
in terms of the corresponding masses, and the mass-vector of the neutrino 
field in that frame. We find, if (v, ») is the neutrino mass vector, and 4; 
the reflection parameter of the particle with mass m,: 


9 
er4; = Gls : 
m5; 


The couplings in B-decay and u-decay 

Under the assumption that 

a) the coupling is the 6-dimensional tensor coupling, 

b) m,=2ve7™% 
we can now compute the form of the coupling, written in terms of the 
conventional 4-dimensional covariants, in the cases of yu-decay and 
f-decay. 

If we are interested only in the relative values of the conventional 


') It bears some relation with the fact, pointed out several years ago by R. J. 
FINKELSTEIN in a private conversation, that the decay of the muon can be 


described in a very symmetric form using a conformal space. See Nuovo Cim., 
1, 1955, 1104. 
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coupling constants, we can transform, in the 0 3 plane, to a convenient 
coordinate system. 

In the case of 6-decay, we choose A,=4,= 9. Then the formulae, derived 
before, are directly applicable. Taking 2,» co for the neutrino, after 
dividing, for a provisional normalization, by (ch 2A, ch 22)”, we find 
for the relative coupling constants: 


C2 Cs — Cr = Ca = (2 ch 2A,)~ ee 


Cy =Cy = C, = C4, = (2 ch 21,)-» ce. 


As /,, the reflection parameter of the electron, is in this case given by 
22 2v 4 2A 22 
e~“e — — while e”» = e%4, — ] — =” 
Me 


(M the mass of the nucleon), we find 


Due to the large ratio between the masses of the nucleon and the electron, 
we therefore get a marked encouragement of the A, V part of the inter- 
action as compared to the S, T part. 

The ratio 


les? + leg? _ [Gn + los? _ (z=) 
lCvP+\eyP |le,P+ loge \w 


would, for all practical purposes, indicate a pure V, A coupling. 

The actual experimental situation is, at the time, rather confusing. 
But apparently the new polarization type experiments do all favour 
(V, A) coupling, with two-component neutrino’s, as we find here. 

In the above considerations, the order of factors, viz. ee owas 
taken for granted. As there are, however, only two 6-invariant couplings, 
a change in order cannot materially change our result, as we get at most 
a pseudoscalar admixture, which, for all the experimentally investigated 
cases, does not play a role. 

For the muon decay, due to the occurrence of two neutrino’s, the V 
and A-type couplings are the only ones to remain. 

We find 

etethy, 


(ch 24, ch 2A,,)"/2° 


Cr == Co = OR = (One = 


If we take the same frame of reference as in the case of f-decay, we find 


2 
Cy Cy BN Ce, \ ? es 2 \ oom as 


me a me \ "a 
(1+ 35] 1+ sf) 


\ 


For the f-decay, we found, in good approximation, 1 for these constants. 
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However, it should be noted that, with the provisional normalization 
factor we used, viz. (ch 24)- 1), a comparison between two couplings 
will not have an absolute significance: it will depend upon the frame 
in the mass plane where the comparison is made. We hope to investigate 
this question later in detail and confront it with the experimental evidence 


on the size of the coupling constants. 


Conclusion 

The present scheme gives a new meaning to the concept of a “‘universal 
Fermi-interaction’”’. The interaction is universal, but, if expressed in 
terms of conventional Dirac field operators, it assumes an individual 
form for each set of particles in interaction. 

The introduction of a space of more than the usual four dimensions is, 
of course, hazardous. It can really only be justified by experimental 
evidence for more symmetries than those incorporated in the Lorentz- 
group. 

However, from the point of view of the Dirac equation, the appearance 
of lack of inversion symmetry in physical processes is a positive indication 
for an extension to more dimensions. Indeed, an increase of the number 
of dimensions automatically leads to the appearance of new J/-matrices, 
which anticommute with the 47% referring to ordinary space-time, and 
which therefore are proportional to y”. 

In strong interactions one has already discovered extra symmetries, 
which are currently described by an isobaric spin formalism. Differences 
in i-spin do not play a role in our scheme. We hope however to incorporate 
the i-spin formalism into this scheme. Preliminary work indicates the 
fruitfullness of such an attempt. In particular it turns out to be possible, 
in a natural way, to formulate a distinction between baryons and leptons 
along these lines. We shall come back to these points at a later time. 
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1) It is conceivable that the proper renormalization factor is més. In that case 
the coupling constant, which has the dimensions of a (mass)~?, could be made 
: 2 Z : Re me : . : 
dimensionless by the factor ([[m,)~ ’. Then still the ratio between effective 

j 


coupling constants will depend on the frame of reference in the 30 plane. 


PALEONTOLOGY 


NOTE ON THE LUTETIAN OSTRACODA OF DAMERY 
(MARNE), FRANCE 


BY 


A. J. KEI *) 


(Communicated by Prof. G. H. R. von KOENIGSWALD at the meeting of Oct. 26, 1957) 


The ostracodal faunas have been studied from two samples collected 
near Damery. Both contain a rich and well preserved fauna, on which 
a few remarks will be made below. Besides the many well known species 
from other outcrops in the Paris Basin (Bosqurt 1852, Aposrotescu 
1955, Kurty 1957), a few other species have also been found which until 
now are only known from the Eocene of Belgium. Two new genera and 
four new species are described in this paper. 


As far as we know Reuss (1850) was the first to describe an ostracod 
from the Lutetian of Damery, viz. Oypridinu angulatopora (=Triginglymus 
angulatopora). BosquxntT (1852) mentioned in the text nine species from 
the Lutetian of Damery. But on examining his original collection we 
found that Bosquetr mixed the material of several localities, and more- 
over, of several species. Therefore it is not possible to deduce with certainty 
which forms came from the Damery material (see Kez, 1957, p. 39, 
table 3). In 1955 AposroLescu published two papers which gave us a 
more detailed picture of the Damery Lutetian IV ostracodal fauna; he 
mentioned thirty one species from this locality. We also found a similar 
fauna with the exception of four forms, viz. Cytheretta grignonensis 
APOSTOLESCU, “Cytherideis” angustata (VON Minster), Microxestoleberis 
parnensis (APOSTOLESCU) and Quadracythere angusticostata (BosquEt). 
It has also been possible to add several species to APOSTOLESCU’s faunal 
list. 

Our first sample was collected at a quarry along the road from Arty 
to Fleury, at approximately 1.6 km to the NNW of the Damery-church 
(see A. F. pz Lapparent, Excursions géologiques dans le bassin de Paris, 
III, 1946, p. 46, point 4 on fig. 11). It is composed of organic debris with 
large, rounded-off quartzgrains, and contains a rich mollusc-fauna, 
accompanied by abundant remains of calcareous algae, miliolids and many 
ostracods. Fragments of Orbitolites complanatus LAMARCK were found, 
contrary to the statement of Dr LapparEnt (1946, p. 47) that this 
index species of the Lutetian IV is absent in Damery. 


*) N.V. Bataafsche Petroleum Maatschappij (Royal Dutch/Shell group). 


64 


The second sample was taken from an outcrop at some 150 m to the 
ENE of the above mentioned quarry. The sediment is also an organic 
breccia, rich in molluscs, calcareous algae, miliolids, bryozoans and ostra- 
cods. It was taken from the beds which contain Cerithium serratum BRUG., 
indicative of the Lutetian V. Orbitolites was not found here. 

The samples were collected during an excursion of the Paleontological 
Department of the State University of Utrecht in 1955 and are published 
with the permission of Prof. VoN KoENIGSWALD. 

The ostracodal faunas of the two samples are very much alike, although 
the frequencies of the species may differ. Ignoring those forms mentioned 
as rare in table 1, certain common species have been found which occur | 
only in one or in the other sample but not together, viz. Legumino- 
cythereis pertusa (ROEMER) in the Lutetian IV sample, and Hermanites 
dameriacensis n.sp. in the Lutetian V sample. Both species are known 
to oceur lower or higher in the stratigraphical column, so this difference 
is only of local importance. It should be remarked that the Lutetian V 
sample also contains Cyamocytheridea heinzelini (KEt) and Bradleya 
kaasschieteri Knits; both species until now only known from the Belgian 
Upper Eocene. 

In our material we frequently encountered ostracod valves which 
show an almost circular or ovate hole with conical sides and of 0.1—0.3 
mm inner diameter. In recent molluscs and crustaceans similar holes 
occur, bored by attacking carnivorous snails belonging to the Muricidae, 
Buccinidae, Naticidae and other families. They are made with the radula, 
aided by acids from the saliva. In most cases the bore-hole is situated 
in the dorsal half of the ostracod valve or carapace. From the viewpoint 
of the attacker this is the easiest place in which to get direct access to 
the ostracod body. But holes in the ventral half also occur. VAN VEEN 
(1932, 1934) figured such bore-holes in species from the Upper Senonian 
of the Maastricht region. We found them regularly in ostracod material 
from the Eocene to recent in Europe and the United States. These 
holes were seen especially in species of the genera Cytherella, Bairdia, 
Cytheretta, Leguminocythereis and Pterygocythereis. 

The material has been stored in the collections of the Geological 
Institute of the State University of Utrecht, Netherlands (no. 8 5384-5478). 


SYSTEMATIC DESCRIPTION 


Genus Sphenocytheridea n.gen. 


Type species Sphenocytheridea gracilis n.sp. 

Diagnosis: A genus of the Cytherideinae with a heavy marginal rim 
along the anterior, ventral and posterior margins, the anterior margin 
fringed with some sharp marginal spines; the anterior radial pore canals 
in groups of three or four; in the right valve two terminal dental areas 
of six to seven cusps each and an intermediate crenulate bar. 


TABLE 1 


ee 
| | 


Lutetian. 


r = rare 

C = common 
AN == A 
= qualitative determination only 


Damery 


| relative frequency of the 


species in our samples 


Ypresian 
(NW. Europe) 
zones I-IV 
other loc. 
zone LV 
(Apostolescu) 
zone IV 
sample 
zone V 
sample 
Ledian 
(NW. Europe) 
Bartonian 
(NW. Europe) 


Aequacytheridea perforata (Roemer) 
Aglaiocypris enigmatica eiiiee 
Aulocytheridea faboides (Bosquet) 
aa mourloni Keij 
- punctatella Keij 
Bairdoppilata gliberti Keij . 
Boldella n.sp. . SO oF rise Many ee 
Bradleya bosquetiana (Jones & Sherborn) . 
of kaasschieteri Kei 
Bythoceratina nep.......2.2.2... 
Clithrocytheridea appendiculata Apostolescu 
6 fornicata Apostolescu.. . . . . | 
x verrucosa Apostolescu . Seed 
Cuneocythere (Monsmirabilia) foveolata (Bosquet) 
= ae oblonga Apostolescu | 
E As subovata Apostolescu 
Cyamocytheridea heinzelini (Keij) . : 
Cypridina homoedwardsiana Keij . 
Cytherella muensteri (Roemer) 
P3 pustulosa Keij ee aime: ae gl 
Cytherelloidea dameriacensis Apostoleseu ... =| ar 


++ 


QR RRB HAAR 


Le} 


o See Pach yom Se a, See | 
Cytheretta bambruggensis Keij. ....... . af | 
se costellata (Roemer) are 
a crassivenia Apostolescu 
6 decipiens Keij 
= eocaenica Keij See, ke Sots : 
as grignonensis INVIleEKblS fp 4 5 4 6 | + 
“Cytherideis” angustata (von Minster) ..... + 
Cytheromorpha brabantica Keij. . . .... . . | (|| i +. 
Cytherura bambruggensis Keij ........ +) + if + 
- edelewensicu Cerys a ane ee + r r =e 
Hemicytherideis mayeri (Howe & Garrett). . . . | r 
Hermanites dameriacensis nsp.. ..... 2... | | C 
5, paijenborehiana Key... ....+)/ +) 4) 2 |e C 
Hirsutocythere horrescens (Bosquet). . ... . . a r r ae 
Kingmaina forbesiana (Bosquet) ....... ., | r 
Krithe rutoti Keij. ee ce, YS ghee ee 
Leguminocythereis oertliin.sp.......... + 
Be pertusa (Roemer) ..... . | C = 
35 striatopunctata (Roemer)... | + Ay | *€ +) + 
Microxestoleberis parnensis (Apostolescu) ee 
Paracytheridea gradata (Bosquet). ....... r r 
a eripnonensis Ken) 2 2. | -b r 
Phlyctocythere eocaenica n.g.n.sp. ....... r 
Piatella gyrosa (Roemer). ......4.64:44.-. r = 
Pterygocythereis cornuta (Roemer) ....... ae C 
Quadracythere angusticostata (Bosquet) . 
Sphenocytheridea gracilis n.gn.sp. ...... . | r 1 
Schizocythere appendiculata Triebel. ......{+/] +7+/]C A 
a tessellata (Bosquet). ....... + A C 
Trachyleberis aculeata (Bosquet) ......../ +] 4 _ | 
6 lichenophora (Bosquet) ..... . ie : + ) + 
r 
r 
1 
I 


GN yrs 
Q 
b++++ 


++ 


+4 


a+ 


Triginglymus angulatopora (Reuss) ...... . } 
6 grignonensis Apostolescu. .... . =e 
5 heistensis Keij Secon ae eee 
Xestoleberis ef. X. muelleriana Lienenklaus . . . + I 
a9 subglobosa (Bosquet). - 2... . . | a r 
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Remarks: Sphenocytheridea shows affinities to Haplocytheridea in the 
hinge system, but is different in the ornamentation, the presence of a 
well developed anterior vestibule and the arrangement of the anterior 
radial porecanals. The name is derived from Greek ogyy (wedge) and 
Cytheridea, thus referring to the wedge-shaped outline and the relationship 
to the group of genera around Cytheridea. 


Sphenocytheridea gracilis n.sp. 


Pl. 2, figs. 6-7. 


Holotype: a right valve (S 5448). 

Paratypoids: ten detached valves (S 5449). 

Type locality: a quarry along the road from Fleury to Arty at some 
1420 m to the N and 720 m to the W of Damery-church, dep. Marne, 
France. 

Type level: Lutetian (zone IV). 

Other occurrences: an outcrop at some 150 m to the ENE of the type 
locality in beds with Cerithium serratum Brua., Lutetian (zone V). 

Description: Sexual dimorphism occurs; the probable male valve is 
more slender in outline and has a lower posterior end than that of the 
probable female valve. 

Along the anterior end there are some seven sharp marginal spines. 
The right valve possesses two inconspicuous posterior marginal spines. 
A prominent, broad rim runs along the anterior, ventral and posterior 
margins. In the anterior loop this ridge has two to four thickenings with 
backward protrusions. In the posterior end this ridge is flattened and has 
depressions and thickenings. The surface of the remainder of the valve 
is smooth; it reaches its culmination just before the middle. The normal 
porecanals end in shallow depressions. In dorsal view the valve has a 
triangular outline with truncate ends. 

The hinge of the right valve consists of an anterior dental area with 
seven cusps, a crenulate bar with some twenty crenulations, and a 
posterior dental area of six cusps. The left valve has two terminal dental 
sockets, the anterior one clearly defined, and a crenulate groove in between. 


PLATE 1 


Figs. 1-3.  Legwminocythereis oertlit n.sp.; la—b: exterior and interior of Q right 
valve; 2: exterior of ¢ left valve (holotype); 3: dorsal view of 2 right 
valve. Ledian of Auvers-sur-Oise. 60 x. 

Figs. 4-10. Location of bore-holes in various valves found in the Lutetian IV 
of Damery. 4-6: Oytheretta costellata (ROEMER); 7: Leguminocythereis 
striatopunctata (ROEMER); 8-9: Cuneocythere (Monsmirabilia) oblonga 
APposToLEescu; 10; Aequacytheridea perforata (ROEMER). 55 x. 

Figs. 11-12. Phlyctocythere eocaenica n.g.n.sp.; 11: right valve in transmitted 
light; 12a—e: interior, exterior and dorsal view of left valve (holotype). 
Lutetian IV, Damery. 90 x. 
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The marginal area is rather broad; there is a well developed anterior 
vestibule. The anterior radial porecanals are arranged in groups of three 
or four, some thirty five in total; some ten others are present in the 
posterior end. 

The muscle-scar consists of a vertical row of four adductor scars with 
a single antennal scar in front. 

Dimensions: holotype (female(?) right valve): L: 0.49, H: 0.26, 
4+W: 0.12 mm. 

Remarks: As far as we know no other species as yet described in liter- 
ature show affinities to this Eocene species. 


Genus Hermanites Puri, 1955 


Hermanites dameriacensis n.sp. 


Pl. 2, figs. 1-5. 


Cythereis macropora, APOSTOLESCU (non Cythere macropora BosQquEeT 1852), 1955, 
Dp. 270,;) Plage nes. LLG ii. 


Holotype: a right valve (S 5421). 

Paratypoids: twenty detached valves and fifteen carapaces (S 5431, 5432). 
Type locality: an outcrop situated along the road from Arty to Fleury 
at approximately 1480 m to the N and 460 m to the W of Damery-church, 
dep. Marne, France. 

Type-level: Lutetian (zone V). 

Other occurrences: According to ApostoLescu: Lutetian of Montmirail, 
Neauphle-le-Chateau, Parnes and Villiers-Saint-Frédéric, Paris Basin, 
France. 

Diagnosis: A species of Hermanites characterized by a strong oblique 
ridge which connects the posterodorsal ridge with the posterior knob- 
like end of the wing. 

Description: The male carapace is somewhat more elongate and less 
wide than that of the female (length/height ratio ¢: + 1.75; Q: 1.65). 

The obliquely rounded anterior end is fringed with some twenty five 


PLATE 2 


Figs. 1-5. Hermanites dameriacensis n.sp.;1: exterior of 2 right valve (holotype); 
2: exterior of ¢ left valve; 3: interior of 2 right valve; 4: dorsal view 
of 2 carapace; 5: dorsal view of the hinges of a right and a left valve. 
Lutetian IV, Damery. 100 x. 

Figs. 6-7. Sphenocytheridea gracilis n.g.n.sp.; 6a—d: exterior, interior, dorsal view 
and pattern of the normal porecanals of right valve (holotype); 7: ex- 
terior of left valve. Lutetian IV, Damery. 110 x. 


Fig. 8. Bythoceratina n.sp.; exterior of right valve. Lutetian IV, Damery. 
100 x. 
Bip): Boldella n.sp.; 9a—b: exterior and interior of right valve. Lutetian IV, 


Damery. 110 x. 
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small marginal spines; the triangular posterior end is fringed with five 
or six marginal spines. 

A pronounced ridge runs parallel to the anterior margin. The wing is 
bordered by a rounded ridge which ends in a pronounced knob. From this 
knob a ridge runs obliquely upwards, bends sharply in the anterior 
direction and continues to above the subcentral swelling. A distinct knob 
is situated just before its anterior end. Another pronounced ridge comes 
downwards from the posterodorsal curve and ends just before it reaches 
the marginal rim along the posterior margin. From the smooth subcentral 
swelling several ridges diverge in all directions; with transverse ridges 
they form a coarse reticulation. The eye-tubercle is prominent. 

The marginal area is fairly broad; vestibules are lacking. The radial 
porecanals are simple and dilated in their middle. They are densely-set 
in the anterior region. There is a distinct flange along the anteroventral 
and posteroventral margin. 

The hinge of the right valve consists of a prominent conical anterior 
tooth, a large postjacent socket which merges into a serrate groove, and 
a large posterior tooth which consists of three lobes, the middle one being 
the largest. The posterior tooth is curved around a small socket at its 
base; into this socket fits a small tooth which is situated at the ventral 
rim of the posterior socket of the left valve. 

The muscle scar was not visible. 

Dimensions: holotype (female right valve): L: 0.50, H: 0.29, W: 0.13 mm. 

Remarks: APosToLescu’s figures show that the specimens which he 
assigned to Cythereis macropora (BosQuEtT) are undoubtedly identical 
with Hermanites dameriacensis. 

Quadracythere macropora (BosQuET), which occurs in the Oligocene of 
western Europe, lacks the heavy oblique ridge and is also different in 
the pattern of reticulation. 


Genus Leguminocythereis Hown, 1936 


Leguminocythereis oertlii n.sp. 


Pl. 1, figs. 1-3. 


Leguminocythereis scrobiculata, APOSTOLESCU (non Cythere scrobiculata VON Minster), 
1955, p. 254, pl. 3, figs. 45-46; Kets, 1957, (pars), p. 126, plo ies 7) 
Die LOS tic Ge 


Etymology: Named after Dr. H. J. Orrrit, paleontologist of the C.E.P., 
Chambourey, France. 

Holotype: a left valve (S 5423). 

Paratypoids: thirty one detached valves (S 5424, 5464, 5478). 

Type locality: Auvers-sur-Oise, France. 

Type-level: Ledian. 

Other occurrences: France: Lutetian of Grignon and Damery ; according 
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to AposToLescu: Lutetian of Mouchy-le-Chatel, Damery, Montmirail, 
Montmirail-les-Marais, Villiers-Saint-Frédéric and Neauphle-le-Chateau. 
Belgium: Lutetian (so called Bruxellian) of Saint Job, Leopoldswijk and 
Forest (suburbs of Brussels), Braine-l’ Alleud, Diegem, Nalinnes and 
Gobertange; Ledian of Forest and Saint-Gilles (suburbs of Brussels), Asse, 
Meldert, Bambrugge, Vlierzele, Balegem, Gent and the boring Heist-op- 
den-Berg; Bartonian of Heizel and borings Brussegem and Heist-op- 
den-Berg. 

Diagnosis: A species of Leguminocythereis with three heavy ridges 
parallel to the anterior margin and a deep depression between the middle 
and innermost ridge; anteroventrally there is a single row of depressions 
between the middle ridge and the outer one. 

Description: Sexual dimorphism is pronounced; the male carapace is 
elongate with its dorsal and ventral margins tending to be parallel; the 
female has a shorter and more triangular carapace. 

The posterior end of the valve bears three marginal spines, of which 
the lower one is prominent. 

Parallel to the anterior outline there are three concentric ridges which 
continue on the ventral surface. Between the middle ridge and the inner 
one there is a long, smooth depression. In the anteroventral region there 
is a single row of depressions between the middle ridge and the outer 
one. Only one small triangular depression is intercalated here. The incon- 
spicuous eye-tubercle is situated at the dorsal end of the middle ridge. 
Tn the posterodorsal region there is a heavy ridge running almost parallel 
to the outline. Between this ridge and the outline there is a long, deep 
depression. The central area of the valve is ornamented by a meshwork 
of curved, longitudinal ridges with subangular or ovate depressions in 
between. 

The internal characteristics are as for the genus. There are some twenty 
five anterior radial porecanals with several intercalated false ones. There 
are some nine radial porecanals in the posterior end. 

Dimensions: holotype (male left valve): L: 0.94, H: 0.47, W: 0.26 mm; 
paratypoid (female left valve): L: 0.82, H: 0.47, W: 0.25 mm. 

Remarks: The holotype was chosen from material of Auvers-sur-Oise, 
because of the better preservation compared to our Damery valves. 

This species resembles the Oligocene Leguminocythereis scrobiculata 
(Von Mtnsrer) in outline and ornamentation. The latter species lacks 
the elongate, deep depression in the posterodorsal region. Moreover, in 
the anteroventral region it has a double row of depressions between the 
midde and outer concentric ridges, instead of a single one as in 
Leguminocythereis oertlir. 

Among the specimens of the Bruxellian of Belgium several occur which 
are somewhat more spindle-shaped, have a more regular ornamentation 
and which have a less developed posterodorsal depression. 


72 
Genus Phlyctocythere n.gen. 


Type species Phlyctocythere eocaenica n.sp. 

Diagnosis: A genus of the Cytheridae with an inflated carapace, a 
hingesystem with a curved, smooth bar in the right valve and a corre- 
sponding groove in the left one; the line of concrescence is separate from 
the inner margin, except for short distances; the radial porecanals are 
simple and moderately numerous; the muscle-scar consists of a curved 
row of four small adductor scars with a single antennal scar in front. 

Remarks: Exteriorly Phlyctocythere shows affinities to some species of 
Loxoconcha, but with the internal characteristics they have nothing in 
common. It is not improbable that this genus belongs to the Loxoconchinae, 
as the outline, the type of radial porecanals and the hinge pattern 
(compare Loxoconchella TRIBBEL) resemble those found in this subfamily. 


Phlyctocythere eocaenica n.sp. 


Pl. 1, figs. 11-12. 


Holotype: a left valve (S 5396). 

Paratypoids: five detached valves (S 5397). 

Type locality: an outcrop at some 1480 m to the N and 460 m to the 
W of Damery-church, dep. Marne, France. 

Type level: Lutetian (zone V). 

Description: Sexual dimorphism is present as the valve figured on 
Pl. 1, fig. 11, is shorter and therefore more thick-set than the holotype. 
The latter might represent a male valve, the former the female. 

The carapace is short and heavily inflated in the central part. A zone 
along the anterior and posterior margin is compressed. There is an obtuse 
subdorsal caudal process. The surface is smooth. The valves are extremely 
fragile. 

The hinge system consists of a curved, smooth bar in the right valve 
which fits into a corresponding groove in the left valve. The marginal 
area is fairly broad; the line of conecrescence and the inner margin are 
separate, except for short distances anteroventrally and posteriorly. There is 
alarge anterior vestibule. There are some eleven anterior radial porecanals 
with some intercalated false ones in between; some fifteen radial pore- 
canals are situated along the ventral and posterior margins. A group of 
three such canals is situated in the caudal process. 

The muscle-scar consists of a curved row of four small adductor scars 
and a single antennal scar in front. An ill-defined, elongate spot is present 
antero-ventrally of the adductor scars. 

Dimensions: holotype (Male ? left valve): L: 0.56, H: 0.39, W: 0.18 mm; 
paratypoid (Female ? right valve): L: 0.53, H: 0.37, W: 0.19 mm. 

Remarks: Phlyctocythere eocaenica shows a vague resemblance to two 
valves we found in the Belgian Upper Eocene and which were provision- 
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ally named Pseudocythere sp. (Kxt, 1957, pl. 2, fig. 2). These valves are 
more drop-shaped in outline and more inflated than those of P. cocaenica. 


Moreover, they differ in the internal characteristics especially the marginal 
area. 
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ASTRONOMY 


ON THE VAPORIZATION OF SOLID PARTICLES NEAR THE SUN 
BY 


J. OVER 


(Circular No. 12 of the Astronomical Institute of the University of Amsterdam) 


(Communicated by Prof. H. ZANsSTRA at the meeting of November 30, 1957) 


Summary 

Idealizing the absorption of SiO,-particles by a uniform absorption 
region in the infrared beyond a certain wavelength A) (about 3), the 
temperature 7’, of such particles is calculated at various distances from 
the centre (Fig. 1). Using the vapour pressure formula for SiO,, with the 
estimated density of 2 x 10-*! gram/em? for SiQ,, it is found that one 
half of the particles would be evaporated at about 4 solar radii from the 
sun’s centre, where 7',= 870°. So solid particles can be expected to be 
predominant outside this radius. If the particles were treated as black, 
which is not permissible, the evaporation temperature 7’,=870° would 
occur at 21 solar radii. 


1. Introduction 


As is well-known the spectrum of the corona is continuous with emission 
lines. Most of the energy is contained in the continuous spectrum, which 
is produced by scattering of the photospheric light by the free electrons, 
it is usually called the K spectrum. Besides this, one observes in the outer 
corona also absorption lines corresponding to the Fraunhofer lines in the 
photospheric spectrum. This so-called F spectrum of the corona is obser- 
vable at 5’ or 6’ (about 0.3 solar radii) from the limb, where it is still very 
weak, while at larger distances it gradually becomes more prominent. 

GROTIAN ') assumed this /’ spectrum to be produced by scattering of 
photospheric light by small solid particles and under this assumption 
could separate it from the K spectrum. GROTRIAN pointed out that according 
to ANDERSON *) or Russet %), such particles could not be expected to 
exist at 0.3 R., because they would evaporate. He remarked, however, 
that, since one observes the integrated light in the line of sight, the particles 
giving the F spectrum might be at a considerably larger distance from 
the sun. This view was further enhanced by the additional argument that 
the solid particles scatter predominently at angles near the radially 
outward direction. This was put forward independently by ALLEN *) and 
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VAN DE Hutst !), who worked it out quantitatively and showed also that 
the solid particles giving the F spectrum might well be a continuation 
of those responsible for the zodiacal light by the scattering of solar radia- 
tion. This was further confirmed by BuackweELt 2) who, by observing 
from a high altitude aircraft, obtained the brightness of the solar corona 
up to a distance of 13°.5 from the sun (See his Fig. 10). 

When the temperature of the particles was discussed, this generally 
was done under the assumption that they could be considered as small 
black bodies. 

An analogous problem was considered by Eppineton 3) who obtained 
for a particle in interstellar Space a temperature of 3° but, following an 
idea of Fapry, could get very much higher temperatures if the absorption 
would take place in a limited wavelength region in the visual or ultraviolet. 

The idea was further pursued by VAN DE Hutst ‘) who took into account, 
besides the absorption in limited wavelength intervals in any region of 
the spectrum, also the diffraction influence by the smallness of the particles. 

In the present paper van DE Hutst’s method, used by him for inter- 
stellar particles is applied to the temperature of solid particles near the 
sun. This is done for quartz particles, or Si0,-particles in general, which 
are transparent except in the infrared. The outcome will be that the 
temperature 7’, (Section 3) is much lower than the temperature 7', of a 
black particle placed there (Section 2). 

In Section 4 the vapour pressure formula for SiO, is used which, together 
with the estimated SiO, density leads to the conclusion that a little outside 
about 4 solar radii no evaporation would occur. 

In Section 5 some refinements are considered, which do not materially 
alter the conclusions. 


2. Temperature for black particles (T,). The very extreme infrared case 
(Vrs) 

In this section the temperature 7’, for black particles will be considered. 
Approximating the sun by a black body of temperature 7’. and considering 
the black particle to be spherical and of uniform temperature T, one 
has the well-known formula 
(1) Te — 7 (=) 

E » ON 455)? 
where 2 is the solid angle subtended by the sun at the point where the 
particle is situated. It is related to the distance s in solar radii by 


(la) 9 = 2n/1—y1—4] ; ae 
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The heating of the particle by coronal radiation or collisions with coronal 
electrons and ions is not important because of its extreme dilution. 

Taking 7’, = 6000°, the distance s as function of 7’, is given in Table 1 
and plotted as the curve for black particles in Fig. 1. 


TABLE 1 


gs = 214 = 1 atronomical unit 
{= ile 1.5 2. De 5. Se 10. 214, 
T, 3930 3410 2900 2350 1900 1500 1290 277 


An extreme case, not actually realized, is that the absorption of the 
particle would only occur in the very extreme infrared, so that the Ray- 
LEIGH—JEANS law would apply. Denoting the temperature of the particle 
by 7,,, we then have 


(2) Try ad 7. (=). 


According to (la), 2/47=1/(2s) for distances large compared with the 
solar radius, so that 7’,,/7',=1/(2s)'*, and the particle temperature there- 
fore becomes much smaller than that for black particles. 

Actually, in the case of quartz, treated in the next section, the absorption 
region is not nearly far enough in the infrared for the RAYLEIGH—JEANS 
law to apply both for the sun and the particles. But the foregoing shows 
that, in order that the temperature is below 7’,, one has to look for cases 
where the absorption is in the infrared. 


3. Temperature for particles absorbing in a certain wavelength region (T', ) 

With van pe Huusr we consider a spherical particle of geometrical 
diameter a at a distance s solar radii from the sun’s centre. Then the 
condition that the absorbed energy is equal to the emitted energy is 
expressed by the equation 


(3) fA(A,a,T,) Jo,da = J A(A,a,T,,) BT.) da. 


0 0 


The factor A(A, a, 7',) is the ratio of the absorbed radiation energy to 
the geometrically incident radiation. Because of the diffraction by the 
small particle it may sometimes exceed unity. Further, B,(7,) is the 
intensity of black body radiation for the temperature of the particle 7, 
and 
(3a) Jo= Slat 


OA 4a ? 


Hi 


where J, is the intensity per unit wavelength of photospheric radiation 
for the direction of the light ray and d@ the element of solid angle subtended. 
The equation follows from the principle of detailed balancing: for thermal 
equilibrium, J,,=B,(T,,), there should be balancing of left-hand and 
right-hand side of (3) for every interval A to 4+dA by itself, from which 
follows that A(A, a, T,,) represents the same quantity on both sides. The 
absorbed radiation is transformed into heat, and the right-hand side of 
equation (3) is the same as the emission for thermal equilibrium at the 
particle temperature, which amounts to the condition of local thermal 
equilibrium. 

For the region of absorption 4, to A, considered, the sun can be approxi- 
mated by a black body as well as possible and its temperature denoted 
by 7. Then I,,=B,T.), and equations (3), (3a) pass into 


Ay 


ns 
(4) = J A(A,a,T,) BL.) a. = ! A(A,a,T,,) BT) da 


which is vAN DE HUuLsvt’s equation (10,2). This equation (4) will be used 
in the first four sections, with T ,=6000°, while in Section 5b a more 
refined treatment based on the infrared solar temperature will be considered. 

Following vAN DE Huts? we now introduce the simplification that 
A(j,a,T,)=A, a constant for the absorption region and consider the 
following definite cases: (a) and (b) for a rather narrow absorption band 
Ad and (c) and (d) for an extended region above a certain /, with a view 
of application to SiO,. 


(a) band at Aj=2y | 
(b) band at 2,=4wu | 
( 
( 


A(A,a,T,,)=A for A,+14/,4A and zero outside. 


c) region Ay=2u to oo | A 


: (A, a,7T,,) =A for A, to co and zero outside. 
d) region A,=4u to co | 


Equation (4) then passes into 
Qe : 
A; 


or, using the PLAaNoK function and equation (1) 


Dy Vy 


a af? 
(6) Tl w= [Sow 
D2 Vo 
where 
Si hy = hw 
(6a) Sia 64 = re 


The temperature 7’, for black particles is merely an auxiliary quantity 
which stands for the right-hand side of equation (1). Tables of the integral 
were given by ZANsTRA!). For a number of values 7’, the corresponding 


1) H. Zanstrra, 1931. Publ. Dominion Astrophys. Obs. Victoria 4, No. 15, p. 240. 
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T,, values, calculated from (6) are given in Table 2. The values of s are 
then obtained from the black particle curve of Fig. 1, while Table 2 
yields 7’, and so the other curves of Fig. 1 for the four cases (a), (b), (c) 
and (d). The same is done in Fig. 2 for larger distances. 


TABLE 2 
Temperature particles as a function of 7,(7’, = 6000°) 
(a) (b) (c) (a) 

JA rT A Lae a I Ihe . {is 
2500 3670 2500 4280 2500 4010 2500 4320 
2250 3330 2250 4120 2250 3820 2250 4250 
2000 3000 2000 3760 2000 3450 2000 3960 
1750 2640 1750 3450 1750 3150 1750 3690 
1500 2240 1500 3140 1500 2810 1500 3480 
1000 1200 1000 2300 1000 2000 1000 2760 
1040 1290 610 1290 500 1170 500 1580 

790 110 450 775 400 940 400 1285 

710 600 400 600 300 700 300 970 

625 420 350 420 200 470 200 650 

550 300 300 300 LOO 230 100 320 


4000, 


black particles 


1000 


3 5 7 ] nN 


Fig. 1. Temperature particles for: a) Absorption band at 2, b) Absorption 
band at 4, c) Absorption region 2 > 2u, d) Absorption region 4 > 4, and for 
black particles. 


One notices that: 


1. For moderate distances, up to s=10 solar radii, the temperature 7’, 


TS) 


of all particles is always considerably lower than that of a black particle 
at the same distance. 

2. The particles (c) and (d) with an extended absorption region have, 
for any distance s, a temperature lower than that of a black particle, but 
3. for particles with a narrow absorption band, cases (a) and (b), the 
curves for (a) and (b) intersect the black body curve. Their intersection 
(dependent on A) occurs at s=214=1 astronomical unit for Ay=4u and 
at s=30 for 2)=2u. At smaller distances T,,<T,, and at larger distances 
ew. 


2000; 


500 ~ [black body 


1 50 100 150 200 250 
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Fig. 2. Temperature particles at larger distances (s > 8). 


Having determined the distribution of the particle temperature as a 
function of the distance for various cases, we now apply it to SiO,-particles. 
The absorption spectrum of quartz, observed by RuspEens and Trow- 
BRIDGE ') for a slab of thickness 3 centimeters, is plotted in Fig. 3. 

We see that complete absorption for this thickness sets in at 3.6 and 
remains complete for larger 7, as was also observed by Czmrny 2) for a 
much thinner layer of only 0.4 mm. On the other hand, for 2 smaller than 
2.6, the absorption is only about 8 per cent, and so, in view of the large 
thickness, this means practically perfect transparency in this region for 
a small particle. So it seems that a model somewhere between our cases 
(c) and (d) may be used. Actually, for a small particle, the continuous 


') C. ScHAEFER und F. Maross1, 1930. Das ultrarote Spektrum, p. 74. 
2) MS Czmrnvem 19292075 ta) Pliye.. 53, collive 
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absorption region A> 3.6u is made by a small thickness and then it may 
probably be resolved into a number of absorption lines. If we assume, 
in terms of A(A, a, 7',), a number of equally spaced absorption lines of the 
same character, the outcome is roughly the same as for our assumption of 
constant A(A, a, 7',), since this then holds for the mean absorption in a 


moderate region of 4. 


100 / 


50 


o— 
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Fig. 3. Absorption spectrum of quartz. 


4. Vaporization 

Having dealt with the temperature of SiO,-particles, we next ask at 
what distance from the sun particles are vaporized, so that inside this 
distance there is mainly gas, and outside mainly solid particles. In this we 
assume saturation pressure to be attained, at the particle temperature 
T, (for deviations see Sections 5¢ and d), 

From the scattering by the zodiacal light and the corona, VAN DE HULST 
(1947, pp. 483, 484) determined a mass density due to particles of 5 x 10-22 
gram/cm? at 0.5 astronomical units from the sun, increasing somewhat 
inwardly. It would not seem unreasonable to assume this density also 
near the sun up to the point where evaporation occurs, and that perhaps 
an amount of order 2 x 10-*! gram/em’ might be due to SiO,-particles 
(See Section 5a), 

The saturation pressure of SiO, was determined by EvucKEN as a function 
p,(7) of the temperature. It may be represented by the formula *) 

— 22200 


7 + 7.65 


(7) log Pgio, = 
where p is expressed in atmospheres (See Section 5d). At the point where 
one half of the SiO, is in the gaseous form, the concentration of this gas 


is 10™*" gram/cm* and then the gas laws give the pressure as another 
function p(7') of the temperature. Both lines are plotted in Fig. 4 in a 


") Cf. H. C. Urny, 1952. The planets. Their Origin and Development, p. 137. 
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narrow region in the neighbourhood of the intersection, which is seen 
to occur at 870° and a pressure of 10-18 atmospheres. According to Fig. 1 
this occurs at s=3.0 for case (c), A>2u and at s=5.4 for case (d), A>4u. 


Thus our conclusion is that vaporization must occur at about 4 solar radii 
from the centre, as far as SiO, is concerned. The solar atmosphere is then 
gaseous inside 4 f. and the solid particles of SiO, can only exist outside 
this distance. VAN DE Hutst (1947, p. 480) concluded that the FRAUNHOFER 
corona spectrum could still be represented if vaporization would occur 
at 0.1 astronomical unit i.e. 21.4 R., but ALLEN (1946, p. 197) gave a 
representation with 4 R., for this distance, the same as we estimated. 
How the transition from solid particles to gas occurs is shown more in 
detail in Section 5d. The fact that we used actual crystals rather than 
black particles enabled us to get solid particles so near the sun. In fact, 
the curve for black particles in Fig. 2 has 21 solar radii for the required 
transition temperature of 870°. 

It should not be forgotten that our treatment is idealized because 
particles other than SiO, may have their evaporation limits farther out- 


ward. 


5. Refinements and remarks 
a. Density 


For the total density the rather uncertain value of 5 « 10-?! gram/cm? 
was assumed of which 40 per cent was considered to be SiQ,. 
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It may well be that the share of SiO, is much smaller. ALLER !) for 
instance states that ‘‘Quartz, one of the commonest of minerals on the 
earth’s crust has been found in only a few meteorites”. On the other hand 
this might also mean that there is more solid SiO, in the smaller particles 
we consider. Because of this uncertainty in the density and in the share 
of SiO,, the calculations were also performed for a ten times higher and 
a ten times lower SiO,-density, indicated by the two dotted lines in Fig. 4. 
The higher density yields a transition temperature of 918° and the lower 
one results in 833°, so that our conclusions are not materially altered. 


b. Temperature of the sun in the infrared. Limb darkening 

In our treatment the sun was approximated by a black body of tempe- 
rature 7’. for the region of wavelength corresponding to the absorption 
band, GoLpDBERG ?) has shown that the measured absolute intensities at 
the centre of the dise in the region 1 to 2.64 can well be represented by 
a black body of temperature 6400°, with an accuracy of 10 per cent. The 
resulting particle temperatures for case (d) are given in the first tempera- 
ture row of Table 3, while the second temperature row contains the 7’, 
values for 7’,=6000° from Figures 1 and 2. For this the formulae (1) 
and (6) were used, now for 7’, = 6400°, so that the 7’, values are 6400/6000° 
times the former ones. 

One sees that the introduction of the correct infrared temperature 
hardly makes any difference in the resulting 7, values, so that our treat- 
ment of section | to 4 is rather satisfactory. 

TABLE 3 
Values of 7’, for the infrared temperature 7, = 6400° with, for comparison those 
for T> = 6000° Case (d); absorption for 2 > 4u. 


Se) 2. 3. 4. 8. 
T, = 1740 1160 850 720 450 i ') T> = 6400° 
T, = 1640 1100 825 700 440 a T'> = 6000° 


To take the limb darkening into account one could use Baumbach’s 
formula for J, *). According to ALLEN’s table 4) the darkening coefficient 
B is 0.25 for 2u, 0.16 for 3u, 0.11 for 54 and 0.06 for 10u. So f deviates 
but little from zero, and we have convinced ourselves that this deviation 
has only a very slight influence on the resulting 7’, values. So one is quite 
justified in using 6=0 in this infrared region. 


ce. Saturation pressure formula 


The constants for the equilibrium formula (7) were evaluated by Urry 


") L. H. Atter. The chemical composition of the universe, chapter 4. (in press). 

*) L. Gorpsere, 1955. Am. J. of Phys. 23, 203 or Reprint No. 37 of the 
McMath-Hulbert Obs., Univ. of Mich. 

*) Cf. A. Unséup, 1938. Physik der Sternatm. p. 442 or 1955, p. 643. 

*) ©. W. Auten, 1955. Astrophysical quantities, p. 139. 
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(1952; p. 135, 137) at 2000°, where SiO, is in the liquid state. In our case 
it is solid, but this does not make much difference, on account of the small 
heat of fusion. In any case the vapour pressure for solid would be below 
the value (7) for liquid, so that we may have overestimated the concen- 
tration in the vapour, which is of no consequence. 

It may further be that there is no thermal equilibrium in the sense 
that the temperature of the gas is higher than 7’. Assuming, for the sake 
of argument, that all impinging molecules are captured, this would provide 
a factor y7,/T for the concentration of the gas, so that again we would 
have overestimated it. 


d. Transition from gas to solid particles. Possible lack of 
saturation 
In Section 4 a density 9 = 2 x 10-2! of SiO, was assumed and the point 
was considered where the density due to particles 9, was 10-2! and the 
density 9, corresponding to the partial SiO, pressure was 10-2! likewise. 
Similar calculations were carried out for various ratios of gas density to 
particle density, and the result is shown in Fig. 


2 x 10-2! 
ce 
x10" 
3 4 ———> Ls 6 


Fig. 5. Transition from gas to solid particles. 


For particles with the absorption region 1>2w one has gas only up to 
s=2.95, while for particles with 2>4u the gaseous region extends up to 
s=5.20. Beyond this region the particles occur with gradually increasing 
0,, which finally approaches asymtotically to 9. One sees that the transition 
is not very abrupt. 


This all presupposes equilibrium between solid and vapour. If the 
particles, on their approach to the sun in elliptic orbits, evaporate gradually, 
so that the saturation pressure is not reached, there might also be solid 
particles closer to the sun than we have calculated. The Poynrre— 
RoBertson effect +), if of importance, might also make the particles spiral 
inward, with similar results. 

However this be, we have demonstrated that under the rather plausible 


1) Cf. A. C. B. Lovey, 1954. Meteor astronomy, p. 402-404. 


84 


assumptions made, the SiO, occurs outside the distance 4 R., predominently 
in the solid state. The problem of evaporation inside this distance could 
eventually be treated quantitatively by a method similar to that used 
by van DE Hutsr’). 


The writer wishes to express his sincere thanks to Professor H. ZANSTRA 
of the University of Amsterdam for suggesting the problem and for valuable 
discussions. 

He also thanks Professor H. C. vAN DE Hutst of the University of 
Leiden and Professor J. A. A. KeTELAarR and Professor J. DE BOER of 
the University of Amsterdam for helpful advice. 


1) H. C. van pE Hutust, 1949. Recherches Astr. de l’Obs. d’Utrecht, p. 12. 


CHEMISTRY 


THE CHEMISORPTION AND PHYSICAL ADSORPTION 
OF WATER ON SILICA 


V. THE VARIOUS DEHYDRATION PROCESSES 
BY 


J. H. DE BOER anp J. M. VLEESKENS 
(Communicated at the meeting of December 28, 1957) 


1. Introduction 


In the previous article (IV) of this series!) it is described that silica 
BF, when heated at sufficiently high temperatures for a sufficiently long 
period of time, yields silica samples which, after rehydration and subse- 
quent drying over P,O;, show a constant value for the number of OH- 
groups per square millimicron (No). This constant value of N,, is, 
therefore, a limiting value; we found it to be N,,=(4.6 + 0.2)/100 A. 

We consider this limiting value as the number of OH-groups of a 
fully hydrated silica surface which only contains Si-atoms covered with 
one OH-group. Virginal samples, or samples which have not been heated 
high enough or long enough, may possess surfaces with an appreciable 
number of Si-atoms with two or three OH-groups; they show, therefore, 
higher N,,,-values. 


2. The various condensation processes 


The elementary particles of silica may be pictured as irregularly shaped 
condensation products, which may be idealized as irregular polyhedra. 
The edges and corners of these polyhedra contain Si-atoms carrying 
two or three OH-groups respectively; the Si-atoms of well formed faces 
carry one OH-group each. 

The faces of virginal samples, or samples which have not been heated 
high enough or long enough, may also contain Si-atoms carrying more 
than one OH-group. If the particles cannot be idealized by irregular 
polyhedra, but by spheres, the faces of samples which are not fully 
condensed may also contain many Si-atoms carrying two or even three 
OH-groups. 

The above conception, which has been deduced from our previous 


1) J., J. H. pe Bozr, M. E. A. Hermans and J. M. VLEESKENS, Proc. Kon. 
Ned. Akad. v. Wetensch., B 60, 45 (1957); II., B60, 54 (1957); IIL, J. H. pz 
Borr and J. M. VuimEesKens, Proc. Kon. Ned. Akad. v. Wetensch., B60, 234 
(1957); IV., B61, 2 (1958). 

6 Series B 
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articles, leads to the suggestion that on heating the following condensation 


processes May occur: 


«) The OH-groups of one face of one of these polyhedra react with 
those of a face of another polyhedron, resulting in formation of water 
and Si-O-Si-bonds. These newly formed Si-O-Si-bonds have the same 
character as those already present in the particles. They cause the dis- 
appearance of two faces and hence a decrease of surface area. However, 
they do not cause a decrease of N,,,. These normal Si-O-Si-bonds are 
not affected by the rehydration process. 


6) The OH-groups of an edge (or corner) of one polyhedron react 
with those of a face or of an edge of another polyhedron. Here again 
water is formed, together with Si-O-Si-bonds of normal character which 
are not split up by the rehydration treatment. This type of condensation, 
however, does not lead to any appreciable decrease of surface area. The 
number of Si-atoms carrying more than one OH-group, however, decreases 
and so does Noy. 


y) The OH-groups of adjacent Si-atoms of the same surface react 
to give water and an Si-O-Si-bond. As the normal (average) distance 
between two Si-atoms on the faces is rather large (the distance between 
two Si-atoms on a (111) face of erystobalite is 4.96 A), this Si-O-Si-bond 
cannot be a “normal” one; it will be a bond of considerable stress. This 
type of bond is liable to be split up by the rehydration treatment, 
restoring the two OH-groups. This reaction, therefore, leads only to a 
decrease of the number of surface OH-groups in the heated (non-rehy- 
drated) samples and is responsible for the hydrophobic character of the 
surface (articles I and II). 


6) If the surfaces of the elementary particles are not fully condensed, 
there may be still a number of Si-atoms left, carrying more than one 
OH-group even on the “‘flat” parts of the surface. In fig. 1A some Si- 
atoms of such a surface are shown schematically, three of which (marked 
6, c and d) carry two OH-groups. On heating fig. 1B results; the Si-O-Si- 
bonds between the Si-atoms b and c and between c and d may be considered 
as “normal” ones. Only the Si-O-Si-bonds between the Si-atoms a and } 
and between d and e will split up in the rehydration treatment, leading 
to fig. 1C. The surface area is not decreased, but Noy is. The condensation 
between the Si-atoms b and c or that between c and d, therefore, is of 
the same character as that mentioned under 6. This schematic picture 
describes the process of smoothening the surface, discussed in section 
3E of article IV. 

If silica particles cannot be represented by irregular polyhedra but 
rather by spheres, only the condensation processes a, y and 6 are possible. 

In the present article we shall examine whether this picture also permits 
of explaining other experiments with BF silica and other types of silica. 
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Fig. 1 Schematical representation of the loss of water of a silica surface by 
condensation processes. 

A. "Virginal” surface, showing Si-atom with one or with two OH-groups. 

B. The same after heating. 

C. The same after rehydration 


3. Condensation process 6 and its reverse; Hytherm silica 


When silica samples are heated, all condensation processes mentioned 
above occur simultaneously. The rehydration process, which we described 
in article I of this series, restores the OH-groups which had disappeared 
as a result of condensation process y, and has practically no affect on 
the Si-O-Si-bonds formed by the processes «, $8 and 6. If, however, a 
silica sample, whether heated or not, is treated with water at a far higher 
temperature (in an autoclave) or with acid or alkali at elevated temper- 
atures, also “normal” Si-O-Si-bonds are broken up. Such a treatment 
leads to dissolution of silicic acid and its subsequent deposition on silica 
particles. 

Our hytherm gel described in article III of this series, is made by such 
a treatment. Its specific surface area (only 80 m?/g) indicates that it 
consists of particles bigger than those of normal silica samples. After 
drying at 120°C its water content, however, is relatively high, viz. 
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W,= Won =1.80 %, which together with its low specific surface area 
accounts for the high figure: Nj,=15.1 my. 

The surface of this hytherm silica apparently contains an appreciable 
number of Si-atoms carrying more than one OH-group. As already stated 
in article III, hytherm silica is more resistant against dry heating than 
BF silica; as its surface area does not decrease, even not when heated 
to 890° C, condensation process « is negligible here and so will be process f. 
During heating, therefore, only processes y and 6 will occur. The result 
of process y can be annihilated by the normal rehydration process 
(article I). 

Hytherm samples were heated for 24 hours at 450° C, 650° C and 890° C 
respectively, whereupon the samples were rehydrated. The N,,, values 
obtained with these samples are shown in curve a of fig. 2 together with 


200 400 600 800 1000 


Fig. 2. The decrease of Nog on heating 
a. Hyterm silica b. BF silica e. The limiting value 


those (curve 6) of similarly treated BF samples (article IV). Curve ¢ in 
this figure indicates the limiting value as described in article IV. 

As regards its effect on Noy, a hydrothermal treatment seems to result 
in the reverse of condensation process 6; this condensation is the main 
process when hytherm is heated, 
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4. VE and VHE samples 


Similar results are obtained when silica samples are made by extracting 
vermiculite samples with hydrochloric acid. V ermiculite is a mineral of 
the talcum-type, consisting of SiO, layers —in which part of the Si-atoms 
are replaced by Al-atoms —interspaced with water containing magnesium 
and ferric hydroxyde layers 2). Digestion with hydrochloric acid 1:1 on 
a steam bath for several hours, brings the magnesium-, ferric- and alu- 
minium-ions into solution; repeating the extraction several times results 
in a silica which, after treatment with HF and H,SO, and evaporation 
to dryness, followed by heating at a high temperature, leaves a residue 
of less than 0.5 %. This silica is indicated in this paper (and future 
publications) by the symbol VE. 

When vermiculite is heated to 850-900° C it swells considerably in 
the direction of its c-axis. Such a pre-heated vermiculite, treated with 
HCl, as described above, yields silica, which we indicate with the symbol 
VHE. Its specific surface area and its pore volume depend on the treatment, 
e.g. on the time and the temperature of pre-heating. 

Our VHE samples did not contain more impurities than 0.3 % (A1,O,). 

The number of OH-groups per 100 A2 (Noq) of these VE or VHE 
samples, after drying at 120° C, is large and of the same order of magnitude 
as the value shown by hytherm silica. One of our VE samples showed 
the following figures: 


W,= Won =5.16 %; S=208 m2/g, hence N= Ros? cana? 
A VHE sample had: 

W,= Won =5.70 %; S=208 m?*/g, hence No, =18.3 mi" 
Another VHE sample showed: 

W.= Won =4.61 %; S=238 m*/g, hence No,=12.9 mu-2 


This last sample was heated for 24 hours at 450°C, 650° C and 890° 
respectively, after rehydration the samples gave the figures shown in 
table I. 


TABLE I 


Occupation with OH-groups of a rehydrated VHE 
silica sample after heating at various temperatures 


Temp. Wor 5 Nou 
“AG, fe m?/g¢ SiO, aay 
120 4.61 238 12.9 
450 4.06 231 aA 
650 2.80 209 Saleh 
890 Ill 184 5.4° 


2) J. W. Gruner, Amer. Min. 19, 557 (1934); S. B. Henpricks and M. HE. 
JEFFERSON, Amer. Min. 23, 851 (1938). 


90 


A 24 hours treatment at 890°C brings N,, already quite near to the 
limiting value of 4.6 + 0.2. Other samples of VH or VHE with initially 
higher figures for Np, (see above) gave, after 72 hours of heating at 890° C, 
Noy values of 6.7 and 7.3 respectively. It may not be excluded that the 
limiting value for N,, of these quite different specimens of silica will 
ultimately prove to be higher than 4.6. 


5. Condensation process y and its reverse 


As already stated above the rehydration process with liquid water at 
90°C restores the OH-groups which disappeared in the condensation 
process y. The difference, therefore, between the number of OH-groups 
per square millimicron (100 A?) of heated samples before and after rehy- 
dration, gives the number of OH-groups involved in this process y. 

Table II contains the results obtained by heating BF-silica samples 
at various temperatures for various periods. Heating was interrupted by 
a rehydration after every 24 hours. The third column gives the specific 
surface areas of the samples; they are the same before and after rehydration 
(see article I). The fourth column gives the water content of the dehydrated 
products (gram of water per 100 grams of waterfree SiO,). The fifth 
column contains the number of OH-groups per 100 A? on the dehydrated 
samples; we indicate this number with (Njj),, Nog just as Wo, being 
reserved for surfaces fully occupied by OH-groups. The sixth column 
gives Woy, the water content (W,=W,,) of the rehydrated samples and 
the seventh column N,,, for these rehydrated samples. The figures for 
S are already mentioned in article III of this series; those for Wog and 
Now in article IV. 


TABLE II 


Comparison of the numbers of OH-groups per 100 A? of heated BF-silica samples 
before and after rehydration 


= aM | We |(Nowa} Won | Nox 
ime o . ) mu-2 | 9 meee + 
a heating | 2 e Sea 4 Pee ee rape Now—(WNon)a 
hrs | m/e S10, Before After dl 
rehydration rehydration 
450 24 500 2.64 | 3.5 | 440 | 59 | 24 
48 488 1.88 | 2.55 | 3.86 | 5.25 2.7 
72 471 1.81 | 2.55 | 3.67 | 5.2 2.65 
650 24 481 1.28 | 1.75 | 3.60 | 6.0 3.28 
48 442 | 0.99 | 1.5 3.02 | 4.55 | 3.05 
72 420 1.04 | 1.65 | 292 | 4.65 | 3.0 
890 24 404 A Me a a eb ae 3.3 
48 344 0.63.) 10. | 297.) 44 3.35 
72 299 0.49 | 11 2.09 | 4.65 3.55 
| | 1 
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The last column indicates the number of OH-groups per 100 A? lost 
through the condensation mechanism y, over a period of 24 hours. 

Similar experiments have been executed with a few silica samples of 
other origin; the results are given in table III. HoNi silica is made 
according to Hotmms and ANDERSON 3) by precipitation of water glass 
with a nickel sulphate solution, filtering the precipitate after several 
days, drying it for several days, extracting it then with 30 % H,SO, 
at 60° C, washing it free from nickel and drying it at 110°C. Two such 
preparations were used, indicated by the letters A and B; B was prepared 
and kept before filtering, in a more alkaline medium than A. Aero and 
hytherm silicas are already mentioned in article IIT. 

Table III also contains the figures for 8, Wo, and Noy for the samples 
prior to heating. These figures are given in the columns for rehydrated 
samples, because their conditions equal those of rehydrated samples. 

TABLE III 


Comparison of the numbers of OH-groups per 100 A? of heated silica samples of 
various origin, before and after rehydration 


¥e & S Ww, Sow 
Sample |Time of & a l(N OH | N, 
Th a ea wey ENe | (Nowa : N of ; 
of | TEMP: | soting) M/E SiO, | % [mig S10, | % pean 
silica hrs before rehydration after rehydration 
HoNiA | 120 | | 451 5.37 | 7.95 | 
650 24 | 403 | 1.50 | 2.5 403 3.03 | 5.0 225 
HoNiB | 120 | 653 | 5.84] 5.95 
650 24 BBG 50 | 1.7 586 4.06 | 4.6 2.9 
Aero 120 | | 957 | 8.83) 6.15 
650 24 720 *)| 1:75: 1.6 628 *) | 4.67) 4.95 3.35 
| | 
| 
Hytherm , 120 | 80 1,80) Wed 
650 24 80 | 0.38 | 3.2 80 0.89 | 7.4 4.2 
890 24 20-—P O18 | 16 | 80 0.66 | 5.5 | 4.0 
| | | 


| | | 
*) As already stated in article III, the specific surface area of Aecro-silica 
decreases when wetted with water and dried. 


The loss of OH-groups by the various processes 

The figures of tables II and III enable us to calculate the loss of OH- 
groups caused by the various processes. If we consider sample BF, heated 
for 24 hours at 450° C (table II) as an example, it has to be taken into 
account that the original sample BF had a specific surface area of S=530 
m?/g SiO,, whilst its No,=6.2 (article IV). After the 24 hours of heating 
at 450° C the surface area has decreased to 500 m?/g SiO,, hence 30 m?/g 
SiO, have disappeared. As the No, of this surface was No,y=6.2 OH- 
groups per 100 A?, this means a loss of 

30 x 1018 x 6.2=1.86 x 102° OH-groups per g SiO, 


H. N. Hotmss and J. A. AnpERsoN, Ind. Eng. Chem. 17, 280 (1925). 


6. 


4) 
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This loss is caused by process x. Processes f and 6 together give a loss of 
0.3 OH per 100 A?, (6.2 —5.9), hence: 

500 x 101 x 0.3=1.50 x 102° OH-groups per g SiO, 
Process y results in the loss of 2.4 OH per 100 A?, hence 

500 x 108 x 2.4=12.00 x 107° OH-groups per g SiO, 
The silica is left with 3.5 OH-groups per 100 A®, hence 

500 x 108 x 3.5=17.50 x 107° OH-groups per g SiO, 


which means a total of 32.86 x 102° OH-groups per g SiO, of the original 
sample. 

A few selected cases have been calculated in this way and the results, 
expressed in per cent of the original amount of OH-groups, are shown in 
table IV. 


TABLE IV 


Numbers of OH-groups lost through the various processes (in per cent of the 
original numbers) 


BF | BF | ~ HoniB Hytherm 
| 24 h; 450°C | 72 h; 890°C | 24 h; 650°C | 24 h; 890 °C 

— 
Loss through a. .. . 5.6 43.6 10.3 | 0 
Loss through B+ 6. . | 4.5 | 14.1 20.3 | 63.7 
Loss through y. . . . | 36.6 | 32.3 43.8 | 26.4 
Present in dehydrated | 

Sample. «2. «ss | 53.3 10.0 25.6 9.9 
Ho ball ene eats cee, 100.0 | 100.0 100.0 100.0 


It is difficult to draw conclusions with regard to the relative importance 
of the various condensation processes. Also other methods of calculation 
did not lead to definite conclusions. 

Qualitatively, however, it may be stated, that the (6 and 6) processes 
result in complete removal of the combination of two or three OH-groups 
on one Si-atom. (The process is completed by heating for a sufficiently 
long period at 650° C or at higher temperatures.) One gets the impression 
that the f-process plays a definite role with those silica samples which 
have, originally, N,,, figures of up to 100% higher than the limiting 
value. With silica samples containing an unusually large amount of 
OH-groups per mu2, process 6 is certainly important. 

After the limiting value is reached, OH-groups can only be lost through 
process y; the fewer OH-groups are left, the more difficult this process 
can proceed. At No,=1.0, there is only one OH-group per 100 A®, the 
mean distance between them, therefore, is quite large. A surface migration 


of e.g. protons or H atoms may be assumed necessary for causing a 
further loss of OH-groups. 
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Summary 


The various ways in which OH-groups of silica can be driven off by 
heating, and the reverse of some of these processes, are discussed. The 
relative influence of these processes and their effect on other properties, 
such as specific surface area and hydrophylic character are studied 
experimentally with various samples of silica of different origin. The 
picture, derived from previous publications, adequately explains the 
results. 
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PEELS LoS 


VARIATION IN CONCENTRATION OF RADIOCARBON WITH 
TIME AND LOCATION ON EARTH 


BY 


HL. DE VRIES 


(Communicated at the meeting of March 29, 1958) 


Summary 


Radiocarbon measurements on samples of known age (tree rings) have 
demonstrated that the concentration of radiocarbon in the atmosphere 
varies considerably in the course of a few centuries and also with location 
on earth. The variations are of the order of one per cent. Evidence is 
presented that the fluctuations are due to variations in vertical mixing 
in the ocean which brings old (less active water) in contact with the 
atmosphere. It is not yet possible to understand the origin of the 
variations with location on earth. Implications on radiocarbon dating 
are discussed. 


Introduction 


The basic assumption of radiocarbon dating is that the activity of the 
atmosphere has been constant in the period covered by the method and 
that the activity is independent of the location on earth. The first assay 
by Lipsy confirmed these assumptions. SuEss (1), however, with a more 
precise technique found that the activity of the atmosphere had decreased 
by at least one per cent in the last century; the decrease was reasonably 
assigned to dilution of the atmosphere with inactive carbon produced by 
combustion of fossil fuel. 

Other laboratories have checked the dilution effect and it has become 
practice to use 19th century wood not yet affected by this dilution as 
the standard for radio carbon dating. Since our laboratory had already 
published radiocarbon dates based on a recent standard (peanut shells, 
see below) we decided to go on with this sample until an international 
MC standard would be distributed. We anticipated that any individual 
laboratory standard could finally show some deviation from the *“best’”’ 
value and this would imply another correction of dates published up to 
that moment. The correction consists of adding or subtracting the same 
age from all dates. It amounts to 80 years per per cent change in activity 
of the calibration sample. We were alarmed, however, when a sample of 
charred wheat grown in 1684, measured about a year ago, showed an 
activity which was even higher than our standard. It would imply that 
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all Groningen radiocarbon dates would have been more than 300 years 
too young. So large a correction, however, would introduce descrepancies 
for some fairly well dated archaeological samples from roman time. Only 
for Egyptian samples (ref. 2, 3) the correction would lead to a better 
agreement with historical dates (see last section). So a more systematic 
study of the specific activity of carbon in the past was apparently of 
fundamental importance, combined with a check on possible geografic 
differences. 

The discrepancy for the 1684 wheat sample came even more un- 
expectedly since at that time (May 1957) it was found (ref. 4) that the 
“C activity was going up at a high rate by the production of radiocarbon 
in atomic bomb tests. At present this increase has already overcompensated 
the dilution effect and so our peanut shells, which grew in the summer 
of 1954 could well have just the correct activity. 


The measurements 

Samples of known age were mainly obtained from well dated tree rings. 
The first tree was a 290 years Douglas fir from Mesa Verde National Park 
(Colorado). It is described as tree 3041, in ref. (5). This very good specimen 
was provided by the late Dr. E. Scuutman, Laboratory for tree ring 
research, University of Arizona. A second fir, about 300 years old, was 
provided by Dr. H. Cross, Amt fiir Bodenforschung, Hannover (Germany). 
It grew in the Bavarian Forest. The third tree was kindly sent by Dr. 
Miinnicu (Heidelberg). It was a 450 years old oak from the Spessart 
Forest. Part of it was also studied by MiinnicH (6). Two other samples 
of known age consisted of charred wheat. The first sample grew in 1684; 
it was collected by Prof. Prannenstrev (Freiburg) in the ruin of castle 
Hochburg, Emmendingen, not far from Freiburg. The second sample of 
charred wheat dating from 69 A.D. was collected by Prof. van GirrEN 
in a roman settlement at Valkenburg (Zuid Holland). All samples were 
treated first with hydrochloric acid (1 per cent) during at least 24 hours 
at about 95° C. After washing the acid out a similar treatment was given 
with alkali (1 per cent solution of NaOH). Finally the acid treatment was 
repeated. This procedure removes infiltrated humus in case of the charcoal 
whereas, in the case of wood samples, it might remove preserving resins 
deposited by the tree itself in the period that the wood is assumed to be 
dead already (i.e. after the year the ring under consideration grew). 
About 50 per cent (by weight) is removed from normal wood by this 
treatment. Ten rings were required to give enough carbon for our large 
counter. This counter gives a recent count of 38/min and a background 
of 2.4/min. Each sample was counted twice for 48 hours giving a statistical 
accuracy of about 0.2 per cent. It was checked that no other errors 
occurred. 

The activities have been corrected for isotopic fractionation (9) in the 
plant by checking the 12C/C ratio. The corrections were below 0.2 per cent 
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(for the amount of C); so these effects are much smaller than the actual 
differences between the samples from different years and localities. All 
results have been given in fig. 1 by the difference from our recent standard 
(peanut shells, which grew in 1954). 
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Fig. 1. Initial activities of samples of known age (i.e. corrected for decay). 
A Tree A from Colorado. © tree B from the Bavarian Forest. @ Tree C from 
Spessart Forest. | Charred wheat from 1684 and 69 A.D. x Recent calibration 


sample. Statistical error 0.2 per cent. Dotted curve: Extension of continental 
glaciers (schematical). All curves drawn free hand. 


Discussion 

The measurements demonstrate that the concentration of radiocarbon 
in the atmosphere has fluctuated considerably. The decrease during the 
last 100 years is probably due to the dilution effect: it amounts to 1.5 
per cent between 1845 and 1935. This agrees well with the results obtained 
before (ref. 1, 6). The combustion of fossil fuel before 1850 has been so 
much smaller, however, that it cannot explain the variations found. 

In order to understand what processes can have produced these fluctu- 
ations it will be necessary to consider first the complete radiocarbon 
balance and the exchange between the various reservoirs. For the present 
purpose the model developed by Craia (7) is most suitable. It considers 
the following reservoirs of carbon: atmosphere (A), biosphere (B) including 
humus (H), upper layer of the ocean (mixed layer )M, and finally the 
largest reservoir, the deep sea (D). For physicists and those familiar with 
electronic circuits the model may become easier to handle if it is converted 
into an electric analogue (fig. 2). In order to avoid any confusion it should 
be emphasized that the conclusions to be drawn from this analogue are 
identical with what can be done with the original model. The production 
of “C in the atmosphere is represented by a current i produced by a 
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source with a high internal impedance: consequently 7 is not affected by 
the circuit. The capacity of each condensor is proportional to the size 
of the reservoir as estimated by Crate (Le.). Even in an isolated reservoir 
the amount of “C decreases because of decay with a halflife of 5570 


Va= 100 Vq=96 Vo =91.4 


Ry =137 


Fig. 2. «Electric analogue, representing the distribution and transport of radio- 

carbon in nature. C = condensors, simulating reservoirs. R (with one index) leaks 

simulating the decay of radiocarbon. (with two indices) resistances representing 

the exchange between reservoirs. A: atmosphere. M: mixed layer of the ocean. 
D: deep sea. B: biosphere. H: humus. 


years, or a mean life of 8000 years. So the condensors should have a leak 
giving them a time constant of 8000; then radioactive decay and electric 
leak follow the same exponential law. For demonstrations it is reasonable 
to take another time scale, say 0.1 second instead of a year. The resistances 
in fig. 2 were chosen so that a year in the actual situation is 1 second 
in the model. The values of the resistors between reservoirs were chosen 
so as to make the residence time in each reservoir equal to the times 
arrived at by Cratc. The residence time in the atmosphere (before a MC 
atom is absorbed in the ocean) is about 6 years. This means that the 
product C,Ryy is 6. Since Cy was arbitrarily chosen as 1 wF, it follows 
that R,, is 6 (megohm). The concentrations of 14C in each reservoir are 
represented by the voltage at the corresponding element in the circuit. 

It is emphasized that the present electric model only gives the net 
transport of “C. Diffusion back and forth from one reservoir to another 
is not represented but this is not of practical importance. Moreover the 
model does not reproduce the cycle of carbon in the biosphere, from 
assimilation to humus and from humus back to the atmosphere. Since 
the rate of flow in this system does not affect the general features of the 
model, this detail may be neglected. For the greater part of our discussion 
the biosphere can be neglected completely. 

In the steady state the condensors can be left out (but not their “leaks’’). 
Neglecting also the biosphere the circuit reduces to fig. 3. This circuit 
clearly demonstrates that the greater part of 4C flows from atmosphere 
into the deep sea where it decays, since R, is the smallest resistor to 
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“earth”. It takes some time to get into D and this explains why the specific 
activity of carbon in the deep sea is lower than in the atmosphere. In the 
model it corresponds to a voltage drop from A to D. One per cent in 
activity corresponds to an apparent age of 80 years. The ages in mixed 
layer and deep sea which follow from the potentials in fig. 2 fit well with 
the experimental determinations, as far as they are available with some 


j Raw=6 


Ruo=? 


Fig. 3. Simplified model for transport of radiocarbon under steady state conditions. 


precision, but this is because the resistances were chosen in order to fit 
these data. This is actually the way in which they can be determined 
(see for more details Craia, l.c.), 

Considering figure 2, two potential sources of variation in “C content 
of the atmosphere suggest itself: variation of the production of #C (input 
current 7) and variation of elements of the circuit, especially the exchange 
rates R,, and Ry. These possibilities will be considered more quantita- 
tively in the next sections. 


Variations in production of radiocarbon 

This would certainly affect the concentration in the atmosphere but 
it will be shown that fairly large variations are required in order to obtain 
the fluctuations actually observed. 

The following discussion will be based on the assumption of a (sudden) 
increase of the production by one per cent. As soon as a new steady 
state is reached the circuit of fig. 3 can be used and it is obvious that 
a one per cent increase of the input current 7 produces a one per cent 
increase of voltage (= concentration) at each point. This steady state, 
however, is reached only after a very long time. 

The transient response of the system is fairly complicated but the 
general features are easily understood (in difficult cases the response can 
be observed on an oscilloscope screen). The reservoir C,, has the largest 
time constant which is hardly below 8000 years. All other important 
reservoirs have much smaller time constants; this can be illustrated by 
considering C,. The shortest path to earth is by way of Ry, Ryp and R,, 
the total resistance being 150. So the time constant is 150 years. (This 
is just a first approximation; actually the effect of Cy, ete. have also to 
be taken into account.) It was mentioned above that in the final steady 
state the increase of concentration at each point will be one per cent. 
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After 100 years, however, the increase in D will be only 100/8000= 1/80 
per cent. So, for the present purpose, the potential at D can be considered 
as constant, which simplifies the discussion. 

Neglecting first the condensors A and M and the complete biosphere, 
fig. 3 shows that the one per cent increase of the current will mainly flow 
through Ryy and Ry». So the difference between A and D will increase 
by one per cent; the difference AD is only 13/150 of the total voltage 
and consequently the increase in the atmosphere is 13/150 of one per cent, 
or 0.086 per cent. The time in which this increase js reached is of the 
order of C,(Ryy+Ryp). This is only about 13 years; since our experimental 
points are about 20 years a part this transient response will be neglected. 
So the increase in concentration produced by a one per cent increase in 
the production rate is about 0.086 per cent after more than about 20 years; 
in the first few years it is even smaller. In order to explain the variations 
of about 2 per cent actually observed the production rate would have 
to vary 2/0.086 or nearly 25 per cent. It is hard to understand how 
fluctuations of this magnitude could be produced. It is impossible that 
the cosmic radiation could vary to such an extent in go short a time ; 
there is no evidence that the screening effect of the magnetic field of the 
earth has varied so much either. One could postulate large fluctuations 
in the contribution of the sun to the neutron producing part of the cosmic 
radiation; this leaves us with a hypothesis ad hoc which is not very 
attractive. 


Variations in rates of exchange between reservoirs 


It is obvious that variations in R,,, and Ry» would affect the con- 
centrations in the atmosphere (A) and the mixed layer (M). It was 
demonstrated in the foregoing section that the concentration in the 
deep sea can be considered as constant for the present purpose. In the 
situation of fig. 2 the concentration (voltage) at A is 8.6 per cent ((6 + 7)/150) 
above this constant value. In order to obtain a two per cent increase, as 
is actually observed, the total resistance R,y+R,, has to increase in 
the ratio 10.6/8.6, or by about 25 per cent. If the variation is produced 
by a fluctuation in R,y, or Ry, alone, each has to vary by nearly 50 percent. 
It was tacitly assumed that the variations lasted long enough to charge 
the condensors A and M. According to the foregoing section this takes 
about 20 years. In order to obtain the same variation in radiocarbon 
content of the atmosphere in a shorter time, even larger fluctuations in 
exchange rates are needed. 

Considering the processes involved, variations in the rate of exchange 
between atmosphere and mixed layer even of a small amplitude are very 
improbable; variations in exchange rate between mixed layer and deep 
sea are far more probable. The mechanism of this exchange is still a 
problem by itself (see Craig |.c.). WorRTHINGTON (8) gave some evidence 
that at least North Atlantic deep water may be formed sporadically, rather 
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than replenished by a continuous mixing process. The idea is that in 
periods of low average annual temperature the surface water becomes 
cold enough to be replaced by deep water. It is also possible, of course, 
that temperature only accelerates or decelerates a more permanent 
circulation at higher latitudes. It was suggested already by Dr. BROECKER 
at the Andover C conference (in 1956) that this phenomenon could 
perhaps affect the concentration of 4C in the atmosphere but at that 
time no further data were available to test this idea. According to the 
first section of this paragraph the exchange should be approximately 
doubled in order to obtain the variations actually observed. If the increase 
occurs in part of the ocean only, the effect has still to be larger but there 
are at present no objections against this assumption. Qualitatively, the 
effect of oceanic mixing can be understood without the model of fig. 2: 
increased mixing brings older (less active water) to the surface which 
is in exchange with the atmosphere. 

It is an attractive feature of the present hypothesis that it can be 
checked by comparing the time course of the activity in the atmosphere 
with the records of temperature. Unfortunately reliable records are only 
available since about 1750. Prof. H. P. Bertace (Utrecht) suggested to 
use data on the extension of glaciers instead, which are available for a 
longer period though they may depend on other factors than the temper- 
ature alone. The curve given in fig. 1 was kindly provided by Prof. 
BeRLAGE; the underlying data were derived from various sources, but 
mainly from the Compendium of Meteorology, 1951. The agreement with 
the activity-curve is very good and the significance of this is even higher 
if one takes into account that the samples from the Spessart oak were 
not chosen at random (as the other samples were), but at intervals 
suggested by the climatic (glacier) curve. The retreat of glaciers in the 
last century is not accompanied by an increase of concentration of radio- 
carbon in the atmosphere. It is masked by the dilution effect but this 
implies that the dilution effect has probably been larger than the curve 
in fig. 1 suggests. Though this is of importance for various computations 
about exchange rates, we will not go into more detail here. 

Further studies of the time course of the variations in “C content of 
the atmosphere are certainly of interest. If a longer series of samples of 
known age is available it may be possible to obtain some information 
about minor climatic variations in the past; this could even be done on 
tree rings of old trees, say from the Allerod, were the absolute age is not 
known. Further studies are of interest for dating purposes (see last 
section) and, finally, the exact time course could give information about 
the circulation in the ocean in cold periods. This program would take 
much time. Therefore it should be checked first of all and very carefully 
that no other factors affect the concentration of C in the atmosphere. 
Such a disturbing factor is suggested by the difference in activity of 
the trees A and B (fig. 1). 
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Other disturbing factors 


Though tree B shows the same decrease of activity from 1695 to 1785, 
it has a lower activity than A. It was checked by measurement of the 
*8C ratio that the difference is not due to fractionation. Up to now we 
have not succeeded in finding a satisfactory explanation for this effect. 
Since the charred wheat sample from 1684 is also low it could be a local 
effect, the “C concentration in Western Europe being lower than the 
activity in Colorado. We have considered the possibility that the radio 
carbon piles up in the continental air masses (in Colorado) which are 
“disconnected” from the ocean. The rate of increase of the concentration 
predicted by the model of fig. 2, however, is much too small. The current 
is equal to V,/150, if V, is the voltage (concentration) in the atmosphere. 
If no current flows into the ocean this current 7 gives a rate of increase 
i/C,=V,/150. So it takes 150 years before the concentration is doubled. 
cn one month, which is already a fairly long residence time above a 
Iontinent, the increase would be 0.06 per cent only. The other currents 
are even smaller than the current flowing into the ocean. 

It has been assumed up to now that vertical mixing in the atmosphere 
is fast enough to consider the atmosphere as one homogeneous reservoir. 
If it would be subdivided in thinner layers which would mix in times 
of the order of one month the concentration could go up and down to a 
larger extent. The capacity C of each individual layer would be smaller 
than C,; according to the reasoning given above the rates of change 
would be proportionally larger. It is obvious, however, that this idea is 
not supported by what is known about the mixing in the atmosphere. 


Implications for radiocarbon dating | 

It is evident that the fluctuations found now, affect the use of radio- 
carbon for dating purposes. Leaving aside the local effects, the variations 
of the initial activity with time give rise to errors of 100 years or more 
(80 years for a variation of one per cent). For the period now covered 
by tree ring checks the variation of the initial activity can be taken into 
account but this does not solve the problem completely, since it may 
happen that three or even five or more samples of different age have at 
present the same activity; this would mean that radiocarbon measurements 
will not give one well defined age. This assertion is easily understood in 
the following way. Starting from the present activity of the unknown 
sample, its activity in the past can be represented by a curve, rising in 
an exponential way (one per cent per 80 years, doubling the height in 
one half life). The point of intersection with the horizontal line which 
represents the (constant) initial activity gives the age of the sample. If, 
however, the initial activity is not constant but represented by a “waving” 
line the exponential curve may cut it in one, three or five points (etc.) 
each giving an age compatible with the result of the radiocarbon measure- 
ment. Apparently the fluctuations of the initial activity do not exceed 
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about one per cent (relative to the average value) implying that the 
errors introduced in this way will not be larger than about 80 years. 

According to fig. 1 the recent standard used up to now in Groningen 
is about 3 per cent below the average activity of the German trees. So all 
Groningen radio carbon dates published up to now tend to be about 
240 years too low. It is not impossible that the correction is even larger 
for the Egyptian samples mentioned in the introduction; this would give 
an appreciable reduction of the discrepancy between historical age and 
radiocarbon age. Sesostris III (historical age 3750) was dated as 3350 
years old. Assuming an initial activity equal to the activity of tree A 
in 1695 the calculated age would be 3720 + 50. This is a reasonable 
agreement. It is even possible that that initial activity has still been 
higher; moreover a correction in the half life of “C could introduce 
another correction. The large discrepancy for older Egyptian samples 
(ref. 2,3) is probably due to wrong archaeological estimates. 
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SYNTHESIS AND SOME PHYSICAL CONSTANTS OF 
THREE 5-ALKYLINDANES AND TWO 6-ALKYLTETRALINS 


BY 


J. P. WIBAUT anp B. PAULIS *) 


(Communicated at the meeting of November 30, 1957) 


SUMMARY 


The synthesis is described and physical constants are given of some 
5-alkylindanes and 6-alkyltetralins, all containing fifteen carbon atoms: 


5-n-hexylindane, 5-(2-methylpentyl)indane, 5-(2-ethylbutyl)indane, 
6-n-pentyltetralin and 6-(1-ethylpropyl)tetralin. 


INTRODUCTION AND THEORETICAL PART 


In the scope of our research into the synthesis of a number of sym- 
metrical (1, 3, 5) and asymmetrical (1, 2, 4) trialkylbenzenes, we shall 
here discuss the synthesis of three 5-allylindanes and of two 6-alkyl- 
tetralins, compounds that may be regarded as a special type of asym- 
metrical trialkylbenzenes **). 


1. Synthesis of 5-alkylindanes 


& / I°R= —CHp—(CH2)4—CH3 
6 
2 I. R= —CHp — GH —(CHp)2 —CHs 
ae CH3 
3 W-R= CHa Ol CBA CNg 
of C2H5 


For the synthesis of these alkylindanes, which, as far as we are aware, 
have not been described in the literature, we started from 5-chloro- 
methylindane (IV), which can be used for various conversions. 

ARNOLD and ScHULTZ [1, 2], as well as PLATTNER and RoNIGER [3] 
have proved that upon chloromethylation of indane, 5-chloromethyl- 
indane (IV) is the principal product formed. We purified the 5-chloro- 
methylindane thus obtained by very careful fractional distillation (bpt 
[3leio2 (15 mm; u,°° 1.5629; mpt —12.1°), 


*) Complete experimental data will be published in the Recueil des Travaux 


Chimiques des Pays-Bas. 
**) Compare the thesis of B. Pautis, Amsterdam 1956. 
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bo 


5-n-heaylindane (I) melting point — 34° is obtained according to the 
scheme : 


(1) 


a—Cs5 Hy Mg 8&r + CLCHpD ——7_— CH3 (CHa /g CH2 


IV ul 


(Analysis: Found C 89.2; H 10.9 %; Mol weight 203+ 3 
Calculated for C,,H,. C 89.04 %; H 10.96 %; M=202) 


The following may be observed. As regards the side chain substituted 
by chlorine, chloromethylindane is comparable with benzyl chloride. As 
long ago as 1903 HouBEN [4] showed that when alkylmagnesium halide 
is allowed to act upon benzyl chloride in ethereal solution, reaction 2 
does not occur (or only to a very slight degree). 


(2) C,H; — CH,X +RMgX -> C,H,CH,R+MgX, 


It is mainly another reaction that takes place, with formation of di- 
phenylethane. If, instead of ether, a mixture of ether and benzene was 
used as the solvent and CH,MglI was allowed to act on C,H,CH,Cl, 25 % 
of ethylbenzene was produced (Reaction 2). Bert [5] showed that reaction 
2 is greatly promoted if ‘‘gasoline” or cyclohexane is used as the solvent, 
and that in this manner alkylbenzenes can be made from benzyl chloride. 

SpArH [6] found that fair yields of alkylbenzene may be obtained by 
employing Grignard compounds rigorously freed from ether by heating 
in a vacuum at 100°. The yields showed a decrease with increasing 
chain lengths of the alkyl bromide used }). 

SCHLIESZER [7] found that in ether as the solvent the reaction proceeds 
according to the overall equation: 


(3)  2C,H;CH,Cl+ 2RMgBr — C,H;CH,CH,C,H;+R(+H)+R(—H)+ 
+ 2MgClBr 


In view of these findings with benzyl chloride we allowed a suspension 
of n-pentylmagnesium bromide in pentane to react rapidly with 5- 
chloromethylindane, obtaining a 40 % yield of 5-n-hexylindane (I). 
For comparison we also allowed pentylmagnesium bromide to act 
upon 5-chloromethylindane in ethereal solution. In the reaction product 
we were unable to detect any hexylindane, but, in agreement with 


') These findings were corroborated in a recent unpublished investigation 
carried out at the Koninklijke/Shell Laboratory, Amsterdam (E. C. Kooyman 
and E. FArENnoRST, private communication). Our thanks are due to) Dr. He’, 
Kooyman for drawing our attention to the possible use of ether-free Grignard 
compounds in the synthesis of alkylindanes and -tetralins. 
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Schlieszer’s reaction equation, a 26 % Yield of 1,2-bis(5-indanyl)ethane 
(V) was formed (melting point 105.0—-105.8°) 


(Analysis: Found C 91.3 een SO: ae 
Calculated for CoH», C 91.55 %; H 8.45 ie) 


This compound has not been previously described in the literature. 


CHa — CH 
y 


Before the above-mentioned method of synthesizing 5-n-hexylindane 
has been found, it was attempted to make this compound by a different 
procedure, viz. via the action of n-butylmagnesium bromide on 5-cyano- 
methylindane (VI). It was the intention to prepare 1-(5-indanyl)hexanone-2 
by a Blaise reaction, producing 5-hexylindane by reduction of this 
compound. 

It appeared, however, that Blaise’s reaction does not then occur. 
Under the influence of the butylmagnesium bromide, dimerization of 
indanyleyanide takes place and the hitherto unknown compound 1,3-bis- 
(5-indanyl)-1-cyano-propane-ketimine-2 (VII) is formed in a yield of 
about 20 %. Melting at 135.5-136.0°. 


(Auaiven: Pound ©33:9 %> 7.1%: N 8.7 %/,; 
Calculated for C,.H,.N, C 84.04 %; H 7.04 %; N 8.91 %). 


2 | HN CN 


I | 
NC -CHs— —o CHa —C —C 
2 eet i 


VI Vil 


The presence of a ketimine group in VII was demonstrated by hydrolysis 
to 1,3-bis(5-indanyl)-1-cyanopropanone-2 (melting point 161—162°). 


(Analysis: Found C 83.7 %; H6.6 %; N 4.3 %; 
Calculated for C,,.H,,ON C 83.77 %; H 6.71 %; N 4.44 %) 


Besides this dimerization, polymerization of 5-cyanomethylindane 
occurs, resulting in a viscous product (about 73 %). The cyanomethyl- 
indane can be conceived as a benzyl cyanide, substituted by a hydro- 
carbon chain. It is stated in the literature that cyanides of this type 
dimerize very readily owing to the great reactivity of the hydrogen atoms 
in the CH, group. 
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3. 5-(2-methyl)pentylindane (II) was prepared according to the following 


scheme : 
—_—_—e 
CHp Cl + Mg CH Mg Cl +CHzCO (CHp/p CH 
mz Ima 
OH 
| 
a cd 4 tl REDUCTION at HL ea 
CH3 CH3 
Ya 5 i 


When IV was treated with the amount of magnesium calculated for 
the above equation only part of the magnesium was found to have reacted 
some of the indanylmagnesium chloride reacted with IV to form the 
1,2-bis(5-indanyl)ethane (V) already mentioned. This substance can be 
isolated from the reaction mixture in a yield of about 30 °% as referred 
to IV. Methyl-propyl-(5-indanylmethyl)carbinol (VIII) was converted 
into II by reduction with phosphorus and iodine followed by treatment 
with zine and acetic acid and then by catalytic reduction (Raney nickel). 


(Analysis: Found C 89.1 %; H 11.0 %; Mol weight 203 + 3 
Calculated for C,;H,, C 89.04 %; H 10.96 %; M=202). 


4. 5-(2-ethyl)butylindane (III) was prepared according to the following 
scheme : 


CH CQ CoHs f 2 Ops Mg 8r -—— 


OH 
ee | 
CHa-—C (CpH5/2 REDUCTION CHa—CHI(CoHs/p 
x II 


One of the reasons for choosing this method was an investigation by 
HAvsER [8] into the action of alkylmagnesium bromides upon the ester 
of phenylacetic acid. He found that when methyl- or ethylmagnesium 
bromide acts upon phenylacetic acid, a carbinol is formed as expected, 


in analogy to the above reaction, which starts from the (5-indanyl)acetic 
ester (IX), 


(Analysis: Found C 89.1 %; H 11.0 %; Mol weight 203 + 3. 
Calculated for C,;H2. C 89.04 4; H 10.96 %; M=208). 
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5. Synthesis of 6-alkyltetralins 


H Ho 


H Ho AI. = —CHy—(CHp)3 — CH 


R He ZIE’ R= -—CH(CoH5)2 


H H2 


For the synthesis of these alkyltetralins we made use of acylation 
according to FRIEDEL and CRarts. According to LuTHER and WacuHTErR 
[9], when acid chlorides react with tetralin in CS, as the solvent, sub- 
stitution takes place almost exclusively (98 %) in the 6-position, which 
was observed spectroscopically. 

Therefore, for the synthesis of 6-alkyltetralins we did not utilize the 
chloromethylation reaction because, according to the literature, although 
6-chloromethyltetralin is the principal product, considerable quantities 
of 5-chloromethyltetralin may also be formed. 

We carried out the acylation at 0° with nitrobenzene as the solvent 
to suppress as far as possible isomerization and polymerization reactions 
[10]. By the action of valerylchloride upon tetralin we obtained butyl- 
(6-tetralyl)ketone (XIII), which was converted by catalytic reduction 
with copper chromite catalyst into 6-n-pentyltetralin (XI): 


C2TI5S 

CgHa-C Cots -C 
4/9 Bg 
0 7) Cong OW 


aint: EXSIAV XV 


(Analysis XI: Found C 89.3 %; H 10.9 %; Mol weight 202 + 3. 
Calculated for C,;H,. C 89.04 %; H 10.96 %; M=202). 


By acylation of tetralin with propionyl chloride we obtained ethyl- 
(6-tetralyl)ketone (XIV), which, by reacting it with ethylmagnesium 
bromide, was converted into diethyl-(6-tetralyl)carbinol (XV). By cata- 
lytic reduction of this carbinol with copper chromite catalyst, followed 
by catalytic reduction with Raney nickel, the desired 6-(1-ethyl)-propyl- 
tetralin was obtained (XII). 

(Analysis XII: Found C 88.9 %; H 10.9 %; Mol weight 199 + 3. 

Calculated for C),H,, C 89.04 %; H 10.96 9%; M=202.) 


6. Some physical constants 
In preparing the above hydrocarbons we devoted great care to the 
purification of the starting materials, the intermediates and the end 
products. 
5-n-hexylindane can be obtained in the crystalline form (melting 
point —34°). The degree of purity, as determined according to Smit’s 
method [11], is about 95 mol %. In all likelihood the foreign matter 


108 


present in this preparation consists mainly of 4-n-hexylindane, because 
during the chloromethylation of indane probably some slight degree of 
substitution at the 4 position takes place. In view of the foregoing the 
degree of purity of the other two alkylindanes, which could not be 
crystallized, was also estimated at 95 mol °%, since in the reaction scheme 
followed only the chloromethylation can cause the formation of isomers, 
which are difficult to separate from the main product even by very 
careful fractional distillation. The degree of purity of the two alkyl- 
tetralins will probably be better than 95 mol %. 

Table I gives some physical constants of the five isomeric hydrocarbons 
Cy5Hy9. 


TABLE I 
eee 


Bpt. | Melting | “MR 20° 
Hydrocarbon 760 mm | point ne a Pe d25 | Lorentz- 
(°C) (°C) | Lorenz 
5-n-hexylindane . . 292.1 | —34 | 1.5122 1.5099 | 0.9114 | 0.9078 66.64 
5-(2-methylpentyl)- 

LULEOO EH ar Sa a ot Be 1.5136 | 1.5114 | 0.9136 | 0.9099 | 66.23 
5-(2-ethylbuty1)- 

Mohn? | 283.2 1.5174 | 1.5152 | 0.9221 0.9185 | 66.42 
6-n-pentyltetralin  . 297.2 1.5188 | 1.5166 | 0.9227 | 0.9191 66.53 
6-(1-ethylpropyl)- 

tetraln. .... 282.1 | 1.5221 | 1.5198 | 0.9285 0.9249 66.47 


The boiling points were determined at barometric pressure under a 
nitrogen atmosphere in a Cotrell apparatus; the values were reduced to 
a pressure of 760 mm Hg by applying a correction of 0.04° per mm. 

The refractive indices were measured in an Abbe refractometer cali- 
brated against some pure hydrocarbons. The densities were determined 
with bicapillary pyecnometers of 25 ml capacity [12]. 

It will be seen that the boiling point of 6-n-pentyltetralin is higher 
than that of the isomeric 5-n-hexylindane and that in the case of both 
the alkylindanes and the alkyltetralins the boiling point decreases with 
branching in the side chain. The refractive indices for 6-n-pentyltetralin 
are higher than those for 5-n-hexylindane ; the same is true of the densities. 


By branching in the side chain both the refractive indices and the densities 
increase. 
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PHYSICS 


ZUM UHRENPARADOXON 
VON 


M. BORN vunp W. BIEM 


(Communicated by Prof. A. D. FoxKer at the meeting of October 26, 1957) 


Hinleitung. Dureh die Raumschiffahrtsprojekte ist das alte Uhren- 
paradoxon Einsteins wieder aktuell geworden. Vor einem Jahr hat 
H. Dino in einer Zuschrift an ,,Nature’ [1] die Uberlegung Einsteins 
angefochten; W. H. McCrax hat in derselben Zeitschrift [2] geantwortet 
und Einsteins Ergebnis verteidigt. Daran hat sich eine ganze Reihe 
weiterer Abhandlungen angeschlossen. 

Auf all diese verwickelten und wortreichen Uberlegungen einzugehen, 
hat keimen Sinn. Denn die Sache an sich ist véllig klar: 

Stellt man sich auf den Standpunkt der speziellen Relativitatstheorie, 
so zeigt eine im System (a, y, z, f) bewegte Uhr die Eigenzeit t der Welt- 
linie an, definiert durch 


(1a) cdr? = ctdt?— (da? + dy? + d2?). 


Ob dies eine mechanische Uhr ist oder die Lichtuhr, wie sie FoKKeEr [3] 
jiingst in geistvoller Weise behandelt hat, ist ohne Belang. Da nun 
offensichtlich 

|dt| <|dt| 


ist, ausser wenn dx=dy=dz=0, so folgt, dass die gesamte Eigenzeit {; dt 
auf einer ,,Rundreise’’ kiirzer ist als die vom ruhenden Beobachter A 
gemessene Zeit, dass also der ,,Reisende” B jiinger zuriickkehrt als der 
, stubenhocker”’ A. 

Ein scheinbares Paradoxon tritt auf, wenn man die Sache vom Stand- 
punkt der allgemeinen Relativititstheorie interpretiert. Dann hat der 
friihere ,,Reisende’”’ B das Recht, sich selbst als in Ruhe befindlich anzu- 
sehen und den friiheren ,,Stubenhocker” A als bewegt. Wenn man nun 
fortfahrt: also miisste nun der Reisende A jiinger zuriickkehren als der 
Stubenhocker B, so widerspricht dies dem vorher erhaltenen Resultat. 
Diese alte Schlussweise ist es, die Dinaie wieder aufgenommen und 
ausfithrlich verteidigt hat. In Wirklichkeit liegt natiirlich gar kein Wider- 
spruch vor. Denn wenn man zu einem Koordinatensystem iibergeht, in 
dem 5 ruht, so hat die Eigenzeit nicht mehr die Form (la), sondern man 
hat icdr=ds, wo ds das Linienelement ist, dessen Quadrat durch 


(1b) ds*=9,,da"da” 


(x1, 2, w—a, y, 2; at=ict) gegeben ist, und die metrischen Koeffizienten 


Waal 


J,» Sind als Komponenten des Gravitationsfeldes zu interpretieren, das 
dadurch entsteht, dass das mit B verbundene Bezugsystem kein Inertial- 
system ist. 

Diese einfache Einsteinsche Uberlegung lasst sich fiir den Fall, dass 
die Relativgeschwindigkeit v klein gegen die Lichtgeschwindigkeit ¢ ist, 
quantitativ fassen [4], wobei man nichts weiter braucht als eine elementare 
Folgerung aus dem Einsteinschen Aquivalenzprinzip, namlich, dass eine 
Uhr, die sich in einem konstanten Gravitationsfelde G befindet, und die 
von einer anderen um eine Strecke € in Richtung des Feldgradienten 
entfernt ist, gegen die erste um (G@E/c?)t vorgeht. 

A ruhe im Nullpunkte 0 eines Inertialsystems, B bewege sich mit 
konstanter Geschwindigkeit v lings der x-Achse von 0 bis zu einem im 
Abstande é befindlichen Punkte, kehre zur Zeit t, (des Inertialsystems A) 
um, wozu es die gegen f) sehr kurze Zeit ot braucht, reise mit der konstanten 
Geschwindigkeit v nach 0 zuriick und treffe dort zur Zeit 27, ein. Dann 
ist nach der elementaren Formel fiir die relativistische Zeitdilatation 

y= 2 = 1,(1+ 554 ) 


V1—v/e? 20° 


die von B gemessene Eigenzeit verglichen mit der von A gemessenen 
gesamten Reisezeit 2f, um (v?/c?)t, kiirzer. 

Betrachtet man nun B als ruhend, so ergibt dieselbe Uberlegung, 
angewandt auf die beiden von A mit konstanter Geschwindigkeit zuriick- 
gelegten Hauptabschnitte seiner Reise, dass die von A gemessene Eigenzeit 
um (v?/c?)t, kiirzer ist als die von B gemessene Zeit, was obigem Resultat 
widerspricht. Aber das mit B verbundene Bezugssystem ist kein Inertial- 
system; es fallt nur waihrend des Hauptteils der Hin- und Riickreise 
annahernd mit zwei Inertialsystemen zusammen. Wahrend der Zeit- 
abschnitte, wo Beschleunigungen vorhanden sind, treten im B-System 
Gravitationsfelder auf. Am Anfang und Ende der Reise sind A und B 
praktisch am selben Ort; die dann vorhandenen Gravitationsfelder haben 
daher keinen Einfluss auf den relativen Uhrengang. Nur die Beschleuni- 
gungsperiode der Lange of bei der Umkehr muss beriicksichtigt werden. 
Dabei entsteht durch das induzierte Gravitationsfeld, das wahrend der 
kurzen Zeit 6t als annéhernd raumlich konstant betrachtet werden kann, 
ein Vorsprung der Uhr von A gegen die von 6B vom Betrage (@&/c?)6t. 
Es ist nun leicht zu sehen, dass dieser gerade doppelt so gross ist wie 
das durch die Zeitdilatation bewirkte Zuriickbleiben der Uhr von A 
gegen die von B. Denn die Geschwindigkeitsanderung von A gegen B 
in der Zeit dt ist gleich 2v, die Beschleunigung also G = 2v/dt. Der Abstand 
im Augenblick der Umkehr ist =vt,. Mithin ist 


Gé v2 
= b= 25h, 


wie behauptet. Hiervon hat man den Effekt der Zeitdilatation (v?/c*)t, 
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abzuziehen und findet so vom Standpunkte des mit b bewegten Systems 
genau dasselbe Resultat wie im Inertialsystem, in dem A ruht. 

Diese Uberlegung wird von DrneLe verworfen aus Griinden, die teils 
auf Missverstindnissen beziiglich des Sinnes der Gleichwertigkeit relativ 
beschleunigter Systeme beruhen !), teils auf dem Einwande, dass die in 
der Rechnung gemachten vereinfachenden Annahmen, namlich v/c <1 
und odt/f) <1, unzulassig seien. 

Dieser Einwand ist bereits von MoLLER in seinem bekannten Buche [5] 
durch exakte Berechnung behoben worden. Doch sind Meters Betrach- 
tungen etwas kompliziert und iiber verschiedene Abschnitte des Buches 
verstreut. Es schien uns daher nicht tiberfliissig, die Rechnung in ein- 
facher Weise durchzufiihren und an einem Beispiel zu beleuchten. 


1. Koordinatensysteme. A soll im Raumnullpunkt eines Inertial- 
systems {x}=(x, y,z,t) ruhen, B gegen A eine Bahn in der x-Richtung 
durchlaufen, indem er sich zunichst von A entfernt und dann wieder 
zuriickkehrt. Uns interessiert die Zeitdifferenz der Eigenzeiten von A 
und 5, die bei der Bewegung entsteht. Die Eigenzeiten mégen vom 
Beginn der Bewegung an gezihlt werden. Zur Diskussion des Uhren- 
paradoxons brauchen wir nicht nur das System {x}, sondern auch ein 
System {&}=(&, 7, €, 7), in dem B stets im Raumnullpunkt ruht, in dem 
also Gravitationsfelder auftreten. Da alle Rechnungen von y,z; 7, ¢ 
unabhangig sind, beachten wir diese Koordinaten nicht weiter: In der 
Transformation von {x} nach {&} ist y=, z=C. 


2. Die Transformation von {x} nach {&}. Die Bewegung von B in 


{x} beschreiben wir durch 
(2a) x=f,(?), 
(2b) ict =f,(2) 


als Funktion der Kigenzeit t= von B. Am Anfang der Bahn soll sein z,=0 
und t,=t,=0 und am Ende a2,=0, tg=2t), Z,=2t); d.h. nach (2) 


(3) \ f,(0) =f, (27) =0, 
(f4(0)=0; f4(2t9) =te 2p. 
Zwischen den f; besteht eine Beziehung wegen der Definition der Eigenzeit: 


— ct? = da? — cPdt2 = ( f2 + f2)dz?, 


(4a) also —c? = f2+ f2, 
(4b) oder O=fAthh 


1) Dincie behauptet u.a., dass die Inertialsysteme physikalisch nicht vor 
andern Bezugsystemen ausgezeichnet seien, da das dem Relativitatspostulat 
widerspriiche. Dieses Missverstiindnis zeigt die suggestive Wirkung des Wortes 
Relativititstheorie. Man sollte statt dessen nach Fokkers Vorschlag Chrono- 
geometrie sagen. 
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Um {&} zu finden, suchen wir fiir jeden Zeitpunkt 7 das Inertialsystem 
{x’(t)} auf, in dem B im Ursprung ruht: das momentane Ruhsystem 
von B. Mit den Bezeichnungen (x, act) = (a, x4) und (a’, ict’) = (ai, x,) gilt 
dann die Lorentz-Transformation 


Hj = Oy (2;, — f,(Z)) 
oder umgekehrt 


ay > —— a be 
Wy, — f(T) = Oj, 
wo die «; Funktionen von 7 sind: 


a" = O4(%—f,) + O,(tct — f,) = (@= fi) (w/t) (det — fy) 


V1—v/e2 
ee ee ee ocl ol\eeF) 
bel = O4y(% — f,) + ogg(tet— f,) = eae oo 


Hier ist v=dzx/dt = (dx/dz) - (dz/dt) =ic(f,/f,), daher V1—v/e2 =ic/f,. Damit 


folgen die «;,: 
ie 2) ei) © a 
Xa, Xg4 CF ts 


und unsere Transformation lautet in der Umkehrung: 


x = f,(t) 4 Ja(®) x’ 4 Al®) 1h 


(5a) ac ' 4e 
(5b) sob = f() — AD a 4 Tal) cy 


Von hier aus kénnen wir leicht zu dem einfachsten System {é} tiber- 
gehen, in dem BF fiir alle Zeiten t im Punkte £=7=¢=0 ruht und A 
bewegt wird. Wir wahlen als Zeitskala t in {é} die Eigenzeit t von B 
und setzen {&} so zusammen aus den Flachen t/=0 der momentanen 
Ruhsysteme {x’(t)}, dass jeder Flache die Systemzeit + zugeordnet ist. 
Wir setzen also in (5a, b) 


(6) t=0; ¢=€ und t=7 


und erhalten die Beziehung zwischen {x} und {&}: 


(7a) a = f,(t) gl) é, 
(7b) ict = f,(z) —2© ¢. 


Wir sehen sofort, dass 6 immer im Nullpunkt €=0 liegt, wenn wir 
(2a, b) in (7a, b) einsetzen, d.h. wenn B in {x} seine Bahn durchlauft. 

Es ist noch eine Bemerkung zu unserer Wahl von {é} nétig. Die Kigen- 
zeit t von B soll Systemzeit t in {£} werden. Daher miissen die Flachen 
konstanter Systemzeit + durch den Punkt (£=0, t=T) gehen; aber es gibt 
natiirlich viele Flachenscharen, die diese Bedingung erfiillen. Unsere 
Wahl der Flachen ist nur besonders bequem. 
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3. Das Linienelement. Mit (7a, b) berechnen wir jetzt das Linien- 
element ds?=dx?—c?dt? in {&}: 


Ta f fs 
dex = 11 dé + (f+ i) de 
icdt = ae dé + (fs — 4) dt. 
Quadrieren und Addieren nee 


‘ s 
ac c? 


“abet fide tf y fh ) dédr + 


4+ f?— 9 thi jaemh fy F ied a) dt?. 


os “te (ic)? 


L ( fR+2 = E+ 
Daraus folgt durch mehrfache Anwendung von (4a, b): 


2 D 9 y GE 2 
(8) dx* —c*dt? = d&*—c*dr? (1 + “2) 


(9) mit ( — fff 

G hat eine einfache anschauliche Bedeutung: 
Die Viererbeschleunigung von B in {x} ist b=}, 

Die Viererbeschleunigung von B in {z'} ist bj=a,b,. Wahrend b{ 
unser obiges @ ergibt, verschwindet bj wegen (4b). G ist also die Beschleu- 
nigung im momentanen Ruhsystem von B und diese Beschleunigung 
bestimmt in {&} die Starke des Gravitationsfeldes. 

Wir fiihren g,, und daneben auch das skalare Gravitationspotential 7 
ein, das verschwindet, wenn g,,= —1 ist: 


(10) Gag = — (1+ 2y/c?). 
Bei uns sind nach (8) 
(11) Jus = —(1+GE/c?)® und y=GE(1+ GE/2c?), 


Fur G§ <c? ist also y ~ Gé. Es stellt dann das Gravitationspotential dar 
bei raumlich konstanter, zeitlich veranderlicher Beschleunigung in 
der x-Richtung. 

Fir die Kigenzeit rt, eines im Punkte € ruhenden Kérpers gilt 


—c'dt? = g,, c'dr?, 
dts = V —gyy dt = (14+ GE/c?) dr. 


Unser Korper B ruht im Raumnullpunkt. Fiir ihn ist also die Eigenzeit 
dt =dt;_9=dt; so haben wir es ja eingerichtet. 
Bewegt sich ein Korper in {&}, so gilt fiir seine Eigenzeit 7: 


— cdi? = [(dé/dt)? + gyqc®]dr. 
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Mit dé/de=w und wegen dr=dz erhalten wir also 


(12) \ di=|—9,,— w/c?) dz = [1+ 2y/c? — w?/e?]'* dz, 
( dE=[(1 + GE /e2)?— w2/o2Pn di 


als Beziehung zwischen der Kigenzeit @ z.B. von A und der Kigenzeit 7 
von B im System beschrieben, in dem B ruht. 
Fir Gé <c? und w <c folet durch Entwickeln 


(12a) dt =(1+GE/c? — w?/2c2)dz, 


also die einfache Additivitat der Wirkungen von Geschwindigkeit und 
Gravitationsfeld, wie sie in der Kinleitung benutzt worden ist. 


4. Das Uhrenparadoxon. Wir kénnen zunachst leicht allgemein 
zeigen, dass die beiden Beschreibungsweisen der Eigenzeitdifferenz zum 
gleichen Ergebnis fiihren und keinen Widerspruch enthalten: 

Die Beschreibung der Eigenzeitdifferenz 4 von A und B im System 
{x}, in dem A ruht, ist ja schon in (2) enthalten: Am Ende der Bewegung 
ist 27, die Eigenzeit von B und 2¢, die Systemzeit von {x} und das ist 
ja die Eigenzeit von A. 


(13) A =2(t) — 1) = f4(2t9) [ic — 2p. 


Mit unserer Transformation (7a, b) zwischen {€} und {va} konnen wir 
leicht die Bahn von A in dem System {&} beschreiben, in dem B ruht: 

In {x} ruht ja A: Seine Bahn in {x} ist also w=0 fiir beliebige t=?. 
Das setzen wir in (7a) ein und wir sehen, es ist 


(14) E= —ie f(z) /f,(z)- 


die Bahn von A in {€}, beschrieben durch die Systemzeit +t. Als 
Beziehung zwischen ¢ und 1 folgt damit aus (7b): 


(15) ict =f,(t) + fx(t) - fi(a)/f,(c). 


Die Systemzeit + ist nun die Eigenzeit t von B. Wegen der Bedingung 
(3) fiir das Ende der Bewegung ist /,(2t,)=0, und wir erhalten auch 
im System {£} (13) fiir die EKigenzeitdifferenz. 

Es scheint nun sehr bedenklich, ja falsch zu sein, die Formeln (2b) 
und (15) nebeneinander bestehen zu lassen. Weil die Eigenzeit ? von A 
gleich der Systemzeit ¢ von {x} ist und ebenso die Eigenzeit 7 von B 
mit der Systemzeit 7 von {} iibereinstimmt, scheint ein Widerspruch 
zwischen (2b) und (15) vorzuliegen. Die Gleichungen miissen aber unter- 
- schiedlich interpretiert werden. Hier lohnt sich erst die dauernde Unter- 
scheidung von Systemzeit und EHigenzeit: 

In (2b) ist ¢ die Zeit, die die Uhren in {x} an der Bahn von B anzeigen. 
Diese laufen zwar, im System {x} betrachtet, mit der Eigenzeit f von A 
synchron. Aber von 6 aus betrachtet, also in {&}, gilt ict=f,(t) nur fiir 
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diejenigen in {x} ruhenden Uhren, die an B unmittelbar vorbeigefiihrt 

werden: €=0 in (7b). Eine in {x} ruhende Uhr in einer Entfernung & 

von B, z.B. bei A, ist mit diesen Uhren, von B aus betrachtet, nicht 

synchron, Gleichung (15) gibt nun die Zeit ¢ der Uhr von A in Abhangig- 

keit von der Systemzeit t=7 an, wenn man im System {&} beobachtet. 
Eine Zeichnung kann das etwas anders ebenfalls erklaren: 


St 


rick He ct! 


Bahn von B 


: Abb. 1 


Im System {x} ist die Bewegung von B eingezeichnet. Zur Eigenzeit 
t gehort nach (2b) die Zeit ¢,: Wir haben eine einfache Parameterdar- 
stellung der Bewegung vor uns. Im Punkt 7 ist nun noch das System 
(x's eingezeichnet. Die x’-Achse (t’=0) ist aber im System {é} die Kurve 
konstanter Systemzeit t=T. Sie schneidet die t-Achse in f,. In {€} gehort 
also zur Zeit t die Eigenzeit ft, von A. 

Und zwar folgt quantitativ: tga =f,(t)/c(t,—t,)=det/da also 

te(t, ty) =0- f,-dalicdt = —f, -fulfs, 

genau die Differenz von (2b) und (15). 


Us 


Wir haben noch einen differentiellen Zusammenhang zwischen é und z, 
die Gleichung (12). Sie muss, da sie in {&} gilt, mit (15) gleichwertig sein. 
Das priifen wir nach: 


Wir setzen ein 


GabAahh. E= ~ ich, ee Gy eS 


ae as dt he 
Damit wird aus dem Quadrat von (12): 


Cte ee inne 


Srp 


dt cf te 
Wenn wir mit (4b) f, eliminieren, so folgt nach Ausklammern mit (4a) 
dt a fethh 2 ' iB ip) t 2 ies +h fy)? 
ia G ve ) , (i Vs ee “ ao a 
(12b) ee ay 
dt ree 


Durch Differenzieren von (15) bestatigt man (12b) ohne Schwierigkeiten: 


tid aie ¢ 
Cafe . A 
=e ie = if ll ive 
SS 1+ i eA ae = 
fe Sa ( 7) : ( 3 7) 
dt _ waiéas + fifty 
di ‘a 


Am Schluss des 2. Abschnittes wurden andere moégliche Koordinaten- 
systeme erwahnt, die an die Stelle von {£} treten konnten. Diese liefern 
natiirlich das Gleiche wie {&}, denn auch in ihnen ist die Higenzeit von 
Bam Ende der Bewegung 2r,, und die von A ist 2¢). So sind ja die Systeme, 
in denen 6 im Ursprung ruht, eingerichtet. 

Damit ist allgemein gezeigt worden, wie die naheliegenden Beschrei- 
bungen fiir das Uhrenparadoxon zusammenhangen und zum gleichen 
Ergebnis fiihren. Ein giinstig gewahltes Beispiel verlangt jetzt nur noch 
ein Minimum an Rechenaufwand fiir die explizite Zeitdifferenz A. 

Aus (12a) folgt fiir das Beispiel der Kinleitung 


2to 
Cem = 
0 


Mit w=v und G=2v/6t fiir den Augenblick 6¢, sonst G=0, wobei =vt, 
ist, wird daraus 


Qv-vt v? Jes 
A= Fe Ot — aa: ho = (5 — Fa) 2 


wodurch die elementare Uberlegung der Einleitung bestatigt ist. 


8 Series B 
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5. Hin Beispiel. Wir wahlen eine spezielle Bewegung in Parameter- 
darstellung. Wahrend der Parameter p von —q@ bis +  lauft, bewegt 
sich B auf der x-Achse von 0 bis x)—a und zuriick in der Zeit 2t, auf 
einer Hyperbelbahn der asymptotischen Geschwindigkeit w: 


(16a) x=2 ae ; 
— 


(16b) t=, += - Ging = 


Wir kénnen die Abhangigkeit von ~ und 7 leicht differentiell angeben 
—c*dt® = da? —c*dt? = (a? Sin? w — (ac®/w?) C03? ~) dy?; 


(17) dt = (alc) V(c?/m®) Co? p— Sin? y dp = (a/w) V1+k Sin? p yp dy, 
mit k?=1—q@?/c?; 


P a 
t= (alm) f V1+k* Sin? o dg. 


—Po 


Uns interessiert insbesondere das Integral von —g) bis + Lo 


\20=— 4 V1+k? Sin? p dp = 
—Po 
(18) |  & Po oS To > 
=25U kone dp+! (V1+k Cin’ p — & Sin 9) dq. 


Fiir grosse gy (> 1) setzen wir im 2. Integral statt Py > oc. f(k) sei das 
Ergebnis dieses Integrals, dann lautet (18) wegen (16a) 


21, a aes )+f(b]= 22 k+a- = (Hk) 2), 
(19) Qt = 2ty VI—w]e2 + a Fo). 


LG 


Hier ist F(w) von a unabhangig und endlich fiir jedes 0<w<c (siehe 
Anhang). 


Daher haben wir fiir sehr kleine a (@ <x) einfach 
(20) T, = ty V1— w/c? oder A = 2t) (1—V/1— w?/e?2), 


wo die Geschwindigkeit der Asymptote @ dann gleich ist der Anfangs- 
geschwindigkeit von B gegeniiber A. Das ist die bekannte Formel, die 
das ,,Uhrenparadoxon”’ list. 


ANHANG 
Obere Schranke fiir f(k) und F(a) 


Es war F(w) = = (f(k) —k), wo f(k) = [ I(p) dp ist, mit 
0 


I(y) = V1+k? Sin? p—k Gin o. 
Dies kann man umformen in 
ee _ _2kSng 


he? Sip 


itkGnwt zam vollen 


Macht man den Radikanden durch Addition von 


Quadrat, so wird er vergréssert. Daher ist 


yi 2k Sing _ _ kong _ 
(14k Ging)? ~~” (+k Ging)?’ 


Also ist im Intervall 0<y<co, wo Gin g>0 ist, 


, k Sin p ae 
hoe Rae) (1 Teac OT: 


was sich reduziert auf 


1 
= nea 
Daher gilt 
oo 2 : k+1 
ees 14 ee- (e+ 5 ei 


Wegen k?=1—w?/c? ist fiir 0<w<ce stets 0<k<1 und daher f(k) endlich. 
Fir k <1 also wm ~c gilt genahert 


[= 22lr Sta (lk) = In (es 2) — low bh. 


f(&) geht also langsamer als der Logarithmus gegen Unendlich fiir 
k—+0. Auch F(o) ist fiir 0<m<c endlich. 


Or 
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GEOLOGY 


ON THE ORIGIN OF SCHISTOSITY. I 
BY 


B. J. COLLETTE 


(Communicated by Prof. F. A. Venrne Mertnesz at the meeting of Jan. 25, 1958) 


Introduction 


The fissility of slate and in general of rocks which originally had an 
argillaceous composition, such as pure, sandy or calcareous shale, has since 
long been a matter of much discussion. Already in the 19th century 
hypotheses were put forward to account for this feature, among which 
the explanation of H. C. Sorpy deserves to be mentioned. It was, and 
still is, generally believed that this fissility —which we call schistosity 
when new-formed mica appears macroscopically on the planes of fissility, 
and fracture cleavage when this is not the case — originates at right 
angles to the forces that causes the rock to fold and to flow plastically. 
There are two fundamental studies that demonstrate that schistosity 
occurs at right angles to the shorter axis of the ellipsoid of deformation 
of the plastically deformed material. As early as 1847 Dante. SHARPE 
published a paper in which this relation was made clear by measurements 
on deformed Devonian fossils (viz. Spirifer giganteus and Spirifer dis- 
junctus). In 1947 E. Cioos established the same fact by measurements 
on deformed odlites. SorBy (1853) now assumed a random distribution 
of elongated particles in the original clay and showed graphically and 
experimentally that a high concentration of the longer axes of these 
particles may be expected at right angles to the shorter axis of the 
ellipsoid of deformation as a result of the geometric deformation, i.e. 
the longer axes of the particles are all turned in the direction of maximal 
elongation by this deformation. 

However attractive this idea may be, it cannot explain the total 
phenomenon as there is no reason why a random distribution of elongate 
particles should occur. Sedimentation would cause the particles to rest 
with their longer axes in the bedding plane and, as will be shown below, 
newly formed micaflakes will not have a random distribution either. 
A further draw-back is that the hypothesis fails to explain an observation 
made by Sorby himself, viz. the internal sigmoidal deformation of round 
grains consisting of mica flakes imbedded in the shale. Sorpy holds the 
compression responsible for this distortion, but compression alone can 
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never entail internal rotation; nor could this theory explain the occurrence 
of a second schistosity'). 

DavBRiE (1876) performed some very interesting experiments bearing 
upon the problem of schistosity. He compressed several substances, 
among which clay, lead and glass, between two blocks and forced them 
to flow in two opposite directions. Distinct planes were thus obtained 
in the deformed material at right angles to the direction of compression, 
and at the free ends the deformed material lost its cohaesion along these 
planes, and fanned out. Moreover, the deformed clay showed an outspoken 
anisotropy in thermal conductibility, as measured by JANNETTAZ (1876) 
at the request of DauBrez: “‘La chaleur se propage plus facilement dans 
les corps suivant les directions de plus grande cohésion’’. An explanation 
of the phenomena observed was not given by Daubrée and, as far as 
we know, has not yet been given. It is clear that in the case of lead, 
Sorby’s hypothesis on schistosity cannot be of much help, as lead, 
being cubic, does not have elongate crystals. 

The results of Daubrée’s experiments may also. be stated in a different 
way: isotropic material, when compelled to flow plastically in one direction, 
may show laminar flow. Laminar flow, however, cannot be expected with 
the high coefficients of viscosity of the tested materials if they had 
remained isotropic, and so there is only one conclusion possible: by this 
process the material, even when built op of regular crystals, has become 
anisotropic. 

Now if we want to find a mechanism that accounts for the occurrence 
of schistosity, it is useful to consider all the processes that may cause 
an anisotropy of the deformed material. Since in Daubrée’s experiment 
with lead mechanical orientation is more probable than orientation by 
recrystallization, it is not precluded, that mechanical orientation also 
plays a part in the origin of schistosity. A mechanism for such an orien- 
tation is found to be present in the elastic anisotropy of the elementary 
crystals of which each isotropic crystalline material is built up. A theory 
of schistosity will be based upon both this mechanism and recrystalli- 
zation according to Riecke’s principle. The occurrence of a second 
schistosity is accounted for in this theory. The behaviour of the mica 
in rocks with schistosity as predicted by this theory is in remarkable 
agreement with the results of a microscopic study by HoEPPENER (1956). 

It will not be tried to give a synopsis of the different theories and 
descriptions regarding the origin and the distribution of schistosity. 
GoauEL (1945) did so some years ago, giving also a bibliography on the 
subject. His conclusion was: “il nous semble démontré que la schistosité 
apparait & angle droit de la compression maximum, comme SHARPE et 
Sorsy Vavaient vu il y a plus d’un siécle”. A mechanism that satis- 


1) This is not the “longgrain” of slate, but a second, entirely equivalent, 
system of schistosity planes, sometimes quietly dissecting the older system and 
sometimes distorting it as sketched in fig. 1 
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factorily explains all the related features is, however, not supplied in 
Goguel’s paper. Mention may also be made of an interesting paper by 
Witson (1946) on the subject, which gives a synthesis of the strain 
ellipsoid concept and the stress theory. Thus all observed positions of 
the cleavage plane can be accounted for. The strain ellipsoid concept, 
however, is—as stated by Wutson himself —mechanically rather ill- 
founded and so the theoretical base for this synthesis in fact fails. 

However, two fairly recent hypotheses will be discussed below. The 
first is the explanation offered by Dr Srrrer in his book “Structural 
Geology”. DE Sirrer observed that the so-called microlithons—the 
material between two schistosity planes—often show displacements 
along those planes and so he interpreted the schistosity plane as a shear 
plane upon which later on mica crystallizes. The origin of shear planes 
virtually perpendicular to the maximum stress is, however, not accounted 
for and in our opinion, there are no mechanical reasons why such planes 
should develop. Once the material has become anisotropic, such planes 
may well originate and thus De Sitter’s observations regarding the 
microlithons seem to point to the theory presented in this paper. 

RurrEn (1955), building on an idea advanced by Born, offered an 
explanation of the schistosity as occurring in the Ardennes and the 
Rhenie Massif, which is based upon Riecke’s principle, stating that in 
case of recrystallization the new crystals will be so orientated with regard 
to the stress or the strain ellipsoid, that the energy of deformation of the 
crystals forms a minimum. Rutten assumed that recrystallization might 
only occur in a second orogenic phase and thus tried to explain the dis- 
crepancy between the strike of the bedding planes and that of the schisto- 
sity in the Ardennes, as demonstrated by VAN WiJNEN (1953). This 
hypothesis conflicts with Fourmarier’s concept (1956 a and 6), who 
described the schistosity as being in first instance parallel with the axial 
plane of a fold and fanning out to both sides in the flanks of the fold. 
This same pattern is repeated in greater structures such as a synclinorium, 
the principal trends being determined by the axial planes. 

The spatial distribution of schistosity, as described by FouRMARIER, 
now appears to be as can be expected when starting from the present 
hypothesis, but it is reasoned that discrepancies, as described by VAN 
WIJNEN, May occur. 

The proposed mechanism being universal, it must be expected to be 
working also in other cases of elastic anisotropy. The present study may 
therefore open up further research on the orientation of quartz, calcite 
and other minerals in folded structures and, possibly, also for the under- 
standing of the occurrence of rotations of crystalloblasts in schistose material. 


Mechanical orientation 


We first investigate what purely mechanic processes exist that may 
cause an anisotropy in an originally homogeneous material. 
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Let us therefore suppose that a material, for instance clay, is compressed 
between two blocks and compelled to flow out laterally. A line in the clay, 
originally making an angle m with the axis of compression, will be turned 
from this axis; in the 2-dimensional case the ratio tg y’/tg p (y’ being 
the same angle after the deformation) will be 1—a, if a is the percentage 
of shortening. This is the process, mathematically speaking the trans- 
formation, held responsible by SorBy for the origin of schistosity. Although 
it is not acceptable as a total explanation, the transformation is present 
in all finite deformations. 

However, it will not work as simple as this, if the geometrical line is 
replaced by a physical elongate body. For now possible differences in the 
elastic constants as well as in the elasticity limit and in the viscosity 
will complicate the picture. For instance, if we give the elongate inclusion 
a much higher elasticity limit, it will never flow plastically, as the 
surrounding material cannot support the necessary deviatoric stresses. 
The plastic material will now flow around the particle, thus exerting a 
friction on it, which causes a rotation. This type of rotation will always 
be less than the corresponding geometric deformation. Differences in the 
elasticity constants will furthermore cause complicated torsion effects and 
these too, will influence the ultimate rotation: under favourable circum- 
stances they may add to it. 

No attempt is made to give a mathematical expression for all these 
possibilities. It suffices to state that a rotation in these cases is present. 

Next we consider a spherical, elastic anisotropic particle in an isotropic 
medium. The medium is given three principal stresses. In the general 
case the strain ellipsoid!) of the anisotropic particle will now not lie 
with its axes parallel to the axes of the strain ellipsoid of the isotropic 
medium, i.e. if it could freely develop. This can easily be seen if we write 
Hooke’s law in its general form: 


a= pa O78 (8; =8,,; 2 and j=1, 2, 3, 4, 5, 6) 
v] 


The presence of the moduli s,; (k=1, 2,3 and j7=4, 5, 6) indicates a 
relation between the principal stresses o,, 09,0, and the angular defor- 
mations &, €;,& and this gives the mentioned non-parallelism. 

Cubic, hexagonal and rhombie crystals do not have these moduli if 
loaded in the direction of the crystallographic axes. If, however, other 
directions are chosen, then we should apply the transformation formulas, 
for a rotation around the Z-axis given by VoteT in his ‘Lehrbuch der 
Kristalphysik” on page 593, from which we reproduce 


Sig = — 2(811 COS" Sp 8in® P) sin pcos p + (2849 + 86g) cos psin p(cos*p-sin?@) +... 
855 =—2(S11 Sin? P-Sy9 COS? —~P) Sin P COS P—(2syy + 84g) COS M SiN p(cos* p—sin® py) +... 
(p being the angle of rotation). 


') This is the strain ellipsoid for infinitesimal deformation and not the ellipsoid 
of total deformation as used in the strain ellipsoid concept. 
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From these formulas we see that also in the case of a loading of cubic, 
hexagonal and rhombic crystals, uncomformably with the crystal axes, 
a non-parallelism of the two strain ellipsoids occurs. 

Further it can be seen, that the sign of S,, and s,, remains constant 
over the whole range 0<y<z/2, if 


Deo De @ ») 9 r=) 4 ¢ 
2811 < 2819 + Sg < 289 OF 2844 > 28,9 + Seg > 280. 


If this condition is fulfilled, and if o,, oy, 0, all have the same sign 
this means that the axes of the strain ellipsoid of the anisotropic inclusion 
always lie in the same quadrant, p not surpassing 2/2. From the definition 
of the signs of ¢4, €;, ¢, it now follows that the longer axis of the strain 
ellipsoid lies in the same quadrant as the crystallographic axis to which 
the smaller of the moduli 81, 859, 83; belongs. 

For cubic crystals 281; = 28 5A 2815+5¢g, 2(5j,—S 9) being equal to s¢ 
in the isotropic case, and this means that s,, and s;, change their sign 
at g=45°. (If in the case of hexagonal and rhombic crystals sg (or S44 
and s;;) does not fulfill the above mentioned condition, this means that 
there is a resemblance in behaviour with the cubic crystals, ie. s}, and 
Sj, change their sign but now at arbitrary values of 9.) 

The medium in which the anisotropic particle is enclosed, now will 
resist the extra deformations called up by the unconformable axial 
position of the strain ellipsoids and hence, shearing stresses will occur 
on the boundary of the particle. The angular deformation may now 
develop, determined by the ratios of the elasticity moduli of the medium 
and the particles. The total stress situation becomes very complicated, as 
at right angles to the originally principal stresses at the boundary between 
medium and particle now shearing stresses occur, i.e. the direction of the 
principal stresses is changed. Moreover, the shearing stresses will evoke 
further deformation; this again causes other boundary conditions and so on. 

In brief we can say that shearing-stresses and -strains will occur in 
the crystal in order to make the two strain ellipsoids congruent. 

If the elasticity limit of the inclusion is reached, these stresses will 
vanish, i.e. the crystal is plastically deformed and the axis to which the 
greater of the moduli s,, 529,83, or the smaller of the elasticity constants 
C11» Co9, Cz3 belongs, is turned towards the axis of maximum stress. 

If we next express this result in terms of deformation energy 


AV=4 > He aR) 
h 


writing with the aid of Hook’s law 
O,= >, en (jek, 2.5, 6) 


7 
AV=3 > Dd HE (Cn 
hi 


this means that the position of least strain energy is obtained. 
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Concluding it may be said that plastic flow of the crystal favours the 
position of least strain energy except in those cases where 281+ Sg, does 
not have a value between 2s,, and 25.9: then, starting from a critical angle 
between the direction of the greater of the moduli 8,1, S99, 833 with the 
axis of maximum strain, the position of maximum strain energy is reached. 
The resemblance with cubic crystals now appears: in these cases the 
crystal axis lying closest to the axis of maximum strain is turned towards 
this axis. A striking example of this behaviour is found in the trigonal 
Fe,0;, for which mineral s,, and s5 differ only a trifle. 

The same reasoning may now be applied to the case of an anisotropic 
particle in an isotropic medium of the same material: the elementary 
crystals in an crystalline isotropic mass. The deformations described above 
now call into existence a still more complicated stress distribution, which 
in case of plastic flow, will cause an orientation of all elementary crystals, 
i.e. the material will become anisotropic. 

If finally we start from an anisotropic homogeneous mass, again the 
same reasoning holds if the boundary conditions impede a realization 
of the described angular deformations. The result will be a reorientation. 
This, however, can only be realized if the strength is overcome in all 
directions when plastic flow sets in. If this is not the case, a repeated 
bending of the continuous lines or planes of a type as sketched in fig. 1 
may be expected. 

The few examples dealt with, form only a choice out of series of possible 
situations. But they have one thing in common: the surrounding material 
hinders the development of angular deformations, i.e. the boundary 
conditions are given as strains. Only if the problem is put in this way, 
will the strain energy in the general case form a minimum after sufficient 
plastic flow. If the surrounding material does tolerate the angular defor- 
mations, there will not be a rotation at all. But we may safely say that 
in nature such situations will not occur; at best we may conceive of 
situations with mixed boundary conditions, that is, in which only some of 
the stresses are given and otherwise the problem is governed by strains. 


Orientation by recrystallization ; Riecke’s principle 


Rrecke (1894, 1912) showed that, if a solid, coexisting in a closed 
system with its fluid phase, is stressed in one direction, a lowering of the 
melting point would follow. The same applies to a solid coexisting with 
a saturated solution of the same matter: now the equilibrium temperature 
is lowered. ITTMANN and RurrEN (1931) showed that this process causes 
an orientation of crystallizing matter: the lowering of the equilibrium 
temperature is proportional to the strain energy which the crystallizing 
matter immediately takes up and thus only crystals having the minimum 
strain energy are stable. The strain energy is now a function of the 
orientation of the crystal. If the strains are given, we must express this 
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energy as a function of the strains alone and then we get the same 
expression as in the previous section 
AV=4 > > attr, (heand 71, 2, ...., 6), 
h j 
If, however, the stresses are primary we must express the energy in terms 
of the stresses alone and so 


aV—=*) > > G63, (h and 7=1, 2, ..., 6). 
h j 


We now first suppose ¢,=e, =... =¢e,=0 from which dV =te'c,,. 

Next we suppose o;=0¢, o.=...=0,=0 from which aV =to's,,. 

In the former case the equilibrium position of the crystal will be such 
that the direction of the smaller of the constants is orientated in the 
direction of ¢,. In the latter case the smaller modulus is orientated in the 
direction of o,, i.e. the greater constant is turned in the direction of 
compression. 

The result thus appears to be entirely dependent on the boundary 
conditions, which makes the practical application of the principle in some 
cases rather difficult. 

Below we will see, however, that in the case of the orientation of mica 
the problem becomes quite simple. The orientation will be the same as 
that what would be formed by mechanical plastic rotation. The outcome 
is not surprising: if the mechanical conditions would work another 
equilibrium position as the recrystallization process, no ultimate equi- 
librium would be reached and thus no systematic orientation would 
follow. At best zonal arrangements of crystal axes could be expected in 
this case, but whether the zonal configurations that are actually found 
in some petrofabric problems are indeed the result of differently orien- 
tated processes is a question that will not be dealt with in this paper, 


Summary of results; Daubrée’s experiment 


It was found that both plastic flow and recrystallization cause a 
(re)orientation of anisotropic and of pseudo-isotropic crystalline material. 

Mechanical influences generally, with sufficient plastic flow, cause 
such a reorientation of the material that the strain energy becomes a 
minimum, that is, if the boundary conditions are given as strains. If they 
are given as stresses no orientation will follow. 

Recrystallization causes the same effect: if the boundary conditions 
are given as strains, then an orientation of the recrystallized material 
will result for which the strain energy, expressed in terms of strain, forms 
a minimum. If, however, they are given as stresses, then the strain 
energy should be expressed in terms of stresses also and this means that 
this energy reaches a minimum for an inversed orientation of the crystal. 

Moreover, elongate particles will undergo a reorientation as described 
in first instance by Sorpy. (As pointed out, differences in the elasticity 
constants and limit may entail complications.) 
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With regard to Daubrée’s lead experiment it is clear that mechanical 
orientation as described must have played the major part, and possibly 
the only one, as the anisotropy occurred instantaneously and recrystal- 
lization takes time. 

In geologic problems, however, both processes seem to be equally 
possible. 


The orientation of mica 


We will now consider the problem of the orientation of mica with the 
help of the results given above. 

In general the evaluation of the equilibrium position of a crystal, both 
mechanical (plastic flow) and thermodynamical (recrystallization), will 
be a very complicated problem. 

In the case of mica, however, it will be clear—although no quantitative 
data are available—that there will be a great difference between s3, in 
the direction of the c-axis on the one hand and s,, and sj. perpendicular 
to the c-axis on the other. Moreover, as mica as a rule, occurs in rocks 
that behaved incompetently during the deformation, it follows that the 
boundary conditions should be expressed in terms of strains. 

The orientation mechanisms discussed above both require that in this 
case the elastic constant in the direction of the greater strain is the smaller 
one, 1.€. Cs3<¢y, and Cy. and indeed it may be expected that mica is more 
compressible perpendicular to, than in the plane of the flakes. 

With the above result (¢3;<c,,; and Cy) it is beyond doubt that a 
coaxial position of crystal and strain ellipsoid, energetically, forms an 
absolute extreme, and hence, we may state that mica always will be 
orientated with the c-axis in the direction of the greater strain, i.e. of 
the shortening. This is exactly what SHarPE and CLoos observed, as the 
plastic strains develop according to the elastic strains which underlie 
each plastic deformation, so that generally the plastic deformations 
reflect the form and orientation of the (elastic) strain ellipsoid. 


A theory of schistosity 


As the phenomenon of schistosity may be described as the occurrence 
of mica flakes orientated with their c-axes in the direction of maximum 
strain, the foregoing furnishes us with a theory of schistosity. 

The mica may partly be of sedimentary origin, as assumed by 
HOEPPENER (1956). Another part may have been formed before the sedi- 
ments were folded, under the influence of the load of the overlying sedi- 
ments. In both cases the c-axes will be directed vertically, although the 
sedimentary mica will probably show a fairly great dispersion in the 
orientation. If plastic flow then occurs, this mica will gradually turn 
into the plane at right angles to the direction of maximum strain. 

Other mica may crystallize during the folding when the diagenesis will 
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be more intensive, and this new-formed mica will initially be orientated 
with its c-axis in the mentioned direction. 

That the latter process really occurs, follows directly from the obser- 
vation that in the original sediment virtually no mica will have been 
present. So most of the mica must have been formed during the diagenesis. 

But the former event must also take place, as becomes clear from the 
beautiful micro-photographs published by HorEprenrrR and from this 
author’s orientation diagrams of mica-aggregates occurring in Devonian 
shales of the Rhenic Massif: ‘‘The (001) planes of these aggregates form 
a girdle around b.... In rock with little cleavage the position of the 
bedding plane is revealed by a maximum (in this girdle) as the sedi- 
mentary mica for the greater part forms the nuclei of the ageregates”’ 
(HOEPPENER, p. 258). 

This picture is disturbed when the cleavage process goes further: 
“the aggregates are turned into the cleavage plane and become sheared” 
(Ib. p. 261) 3). 

The mica thus formed and orientated may still be of microscopic 
dimensions and probably will be so, as in a first phase of the diagenesis 
the chemical mobility will be low, and so no migration over appreciable 
distances can be expected. Nevertheless, the rock has become anisotropic 
and a fissility results. In our opinion this is what generally is called 
fracture cleavage. 

With growing diagenesis the chemical mobility will grow too, so the 
mica will concentrate in visible mica flakes, and the flakes will combine 
into planes. The planes will have discrete mutual distances which are 
determined by the physico-chemical laws that rule the recrystallization. 
This is what is called flow cleavage or schistosity. 

Thus, fracture cleavage and schistosity may be considered as different 
stages of one and the same process. 

As a result of the appearance of marked planes, in which the mica 
is concentrated, there is one important difference between rock in which 
the fissility does not go further than fracture cleavage and rock in which 
real schistosity developed. When the direction of strain varies in the 
first type of rock—e.g. as a result of the progressing deformation — the 
mica particles can easily adapt themselves to the new direction of maximum 
strain. If real schistosity, however, has developed, this adaption is only 
possible by recrystallization and, as has been said before, this will take 
some time. Moreover, the conditions for recrystallization may have 
become less favourable and it is therefore understandable that in this 
case another type of deformation will occur: shearing may originate along 
the schistosity planes, —i.e. about perpendicular to the maximum stress — 


1) Hoeppener’s interpretation that part of the aggregates is formed with the 
c-axes at right angles to the cleavage plane and later on are turned out of this 
position, does not fully satisfy the author. It seems more naturally to suppose the 
contrary, as formulated above. 
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the strength along these planes being much lower than in other directions *). 

But under other circumstances this shearing may no longer be a suffi- 
cient mechanism, for instance, if there is a revival of the tectonic forces 
or if some catastrophic event as the development of a major fault happens. 
It is quite conceivable that in such a case over a whole area or over 
part of it, a different position of the strain ellipsoid will result, so that 
the c-axes of the mica no longer coincide with the direction of maximum 
strain. If the elasticity limit of the rock is not overcome, a second schisto- 
sity may develop which cuts the planes of the older one. If the rock 
yields, however, normal flow will be obstructed by the linear structure 
of the rock and internal rotation of larger parts—compare the section 
on mechanical orientation —will result and this gives the aspect to the 
phenomenon of the kind of second schistosity as described e.g. by Cup 
(1955) and HorpprEner (1956). The latter author gives in a series of 
sketches his views of the origin of this second schistosity, but this expla- 
nation is mechanically difficult to understand and we therefore should 
like to propose another succession of events which leads to the same 
results and which is mechanically accounted for (fig. 1). On the line 
connecting the flexure points (see fig. 1b)—the discrete mutual distance 
of these lines being determined by the anisotropic elastic relations — 
good conditions for recrystallization will be present and here, actually, 
recrystallization occurs and thus this type of second schistosity comes 
into being *). 

With regard to this second schistosity we may call attention to a 
remarkable form analogue between this phenomenon as described by 
HogpreNneR and the development of “microlithons’ with an intensily 
folded structure of very fine stratified material between the schistosity 
planes, as described by Dx Srrrer (1954). Apart from the absence of 
mica on the folded planes in the latter case no difference can be observed 
between the two structures. The explanation of this form analogue must, 
probably, be that the process that led to this latter type of deformation 
was indeed the same as that leading to the development of a second 
schistosity, the role of the first schistosity planes now being played by 
the fine stratification. 


1) This succession of events is thus reversed as compared with that proposed 
by De Srrrer. This author puts the development of ‘“‘microlithons”’ first as a 
result of shearing and then recrystallization of mica on these planes. No explanation, 
however, is given for the formation of shearing planes virtually at right angles to 
the maximum stress. Besides, HozmppENER remarks that in no case tears could be 
observed which course was followed by the first growing mica. 

2) The observation of Sorsy, mentioned in the introductory section and 
regarding the contortion of resedimentated balls of shale, finds its explanation in 
an analogous way: the difference in compressibility in the direction of, and at 
right angles to, the original schistosity will ensue first a bending and with pro- 


gressing deformation a total contortion of the material in the less compressible 
direction. 
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Finally, we wish to make a remark on the dispersion that may be 
present in the orientation of the first mica flakes which indicate the 
beginning of the development of a cleavage (e.g. HOEPPENER, p. 257). 
In our opinion this dispersion must be attributed to the irregularities 
in the stress distribution which will always occur in not entirely homo- 
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Fig. 1 a,b,c. The development of a second schistosity. 


geneous material. The observation that the dispersion is greater in more 
sandy material than in purer shale, (according to Hoeppener varying 
from 15° in the latter to 40° in the former case) and that the quartz 
grains are enveloped, and only seldom transected by the cleavage planes, 
sustain this thought. 

In the next section it is tried to explain the spatial configuration of 
the schistosity planes in relation to the geologic structure in which they 
occur. 


(To be continued ) 


GEOLOGY 


ON THE ORIGIN OF SCHISTOSITY. U 
BY 


B. J. COLLETTE 


(Communicated by Prof. F, A. VeNtNG MEINESZ at the meeting of Jan. 25, 1958) 


The orientation of schistosity planes in folded structures 


As fracture cleavage and schistosity can be considered as different 
phases of one process, we will no longer make a distinction between 
the two phenomena. 

For the evaluation of the position of the schistosity planes it now 
becomes necessary to determine the position of the strain ellipsoid in 
the last phase of the deformation that led to the different types of folded 
structures. First we will separate competent and incompetent folding, 
by stating that in the first type the deformation was essentially elastical, 
ie. an elastic bending originated and elastic stress accumulated in the 
competent layer. Creep makes the strain vanish but at the same time 
the layer is further bended and so the elastic strains remain at the same 
amount though the deformation progresses. As a result we may state 
that during the deformation the stress distribution is fundamentally the 
same as in the case of a pure elastic deformation. In incompetent folding 
on the other hand, the elasticity limit of the material has been passed 
and the material flows into the direction of minimum stress. Here the 
position of the strain ellipsoid is in the first place given by the deformation 
of the competent layers, i.e. the material flows from the place where the 
volume of the incompetent material is compressed to places where it is 
relatively expanded. 

As a first example we will consider the origin of slate. Here more or less 
homogeneous flow occurred in the last phase of the folding and layers 
of more sandy material also partake in this flow. The strain distribution 
becomes simple: over the whole structure the greater strain is in the 
direction of shortening, the smaller one is perpendicular to this direction 
and, as a rule, vertical, and the intermediate strain is in the direction 
at right angles to these two, that is, of the tectonic b-axis. The schistosity 
planes should now be parallel over the whole structure and at right angles 
to the direction of maximum strain, and if the direction of shortening 
does not change during the total deformation, then the schistosity planes 
will be also parallel to the axial plane of the more sandy layers that 
are imbedded in the slate (fig. 2). If, however, this was not the case, an 
angle between the schistosity plane and the axial plane will be formed. 
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Next we will consider a folded structure of layers that behaved more 
competently. In first instance the folding is concentric. The principal 
stresses in the layers will be orientated virtually at right angles to the 
bedding plane and parallel to it like in the case of a plate that is elastically 
bent. If the strata have an argillaceous component (shaly sand- and 
limestone, sandy and calcareous shale) schistosity may develop, and in 
the extreme case the schistosity planes will be approximately at right 
angles to the bedding plane !). Deviations from this pattern will be a result 
of a transition from this case towards that of true slaty cleavage, i.e. the 


a 


») 


6 


Figs. 2. Slaty cleavage; 3, Reversed fanning in competent beds; 4a and 6, 

Refractionary sigmoidality or “‘Snell-effect” in incompetent and more competent 

beds; 5a, Reflectionary sigmoidality; 5b, Combination of refractionary and reflec- 
=) ? : A j 


tionary sigmoidality; 6, Normal fanning in incompetent beds. 


1) Whether this extreme case actually occurs in nature, is not known to the 
author. It may be possible that the argillaceous component of the sediment, which 
is necessary for the formation of mica, always leads to the mentioned transition 
structures. 
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planes will assume a position making a smaller angle than that shown 
in fig. 3, with the axial plane of the fold. 

In nature such intermediate cases indeed occur as a result of the varying 
composition of the sediments. We may therefore expect all situations 
intermediate between those sketched in figs. 2 and 3. 

If we have an alternating succession of competent and incompetent 
layers, then the stress distribution will be more complicated and so is 
the orientation of the schistosity planes. In the incompetent layer flow 
will occur and this gives a position of the schistosity approximately 
parallel to the axial plane. In the competent layer it will be directed more 
perpendicularly to the beddingplane and this gives a situation as sketched 
in fig. 4a. If the transition between the incompetent and the competent 
layer is more gradual (e.g. by graded bedding), a gradual transition 
from one direction towards the other may be expected (fig. 4b) and this 
results into what is called sigmoidal schistosity, a frequently observed 
phenomenon. We may call attention here to an interesting analogue with 
Snell’s rule in optics and seismology: the ratio of the sines of the angles 
of incidence and refraction is a function of the ratio of the degrees of 
flow which occurred in the involved layers. We thus might call this 
“refractionary” sigmoidality or the Snell-effect. 

A further specification of nomenclature indeed is useful, as there exists 
also another type of sigmoidality of the schistosity planes, in which 
the planes are bent into the bedding plane of the more competent 
laver (fig. 5a). Here the deformation must have been discontinuous, 
that is, the material of the incompetent layer close to the competent 
layer flowed in a direction parallel to the separating bedding plane. The 
term “‘reflectionary’’ sigmoidal schistosity may be proposed for this type. 
Mixed types of sigmoidal schistosity do also occur (fig. 5b) and here the 
deformation must have been partly discontinuous and partly continuous. 

If now the incompetent material is squeezed out in the flanks of a fold, 
the incompetent material flows towards the crests of the anticlines and 
synclines. This means that the direction of the maximum strain in the 
incompetent beds no longer is horizontal but dips towards the axial 
plane of the anticline. Schistosity will develop at right angles to the 
maximum strain and will thus fan out anticlinally in anticlines (fig. 6) 
and synclinally in synelines. This fanning out is thus definitely another 
feature than the fanning out sketched in fig. 3. The former type —the 
German ‘‘Mielerstellung’—could be called normal fanning, the latter 
— “‘Facherstellung’’ —reversed fanning. Both types should be clearly dis- 
criminated in geological descriptions *), 

We now have a rather complete picture of the distribution of schistosity 
in folded structures, starting from a theoretical point of view. A compari- 


*) De Strrer in his recent book defines slaty cleavage as the situation as 
sketched in fig. 3. The present author, however, would prefer to reserve this term 
to the parallel schistosity as sketched in fig. 2 as here indeed slate is involved. 
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son with the actual situations as found in the field (see e.g. FOURMARIER 
1956a and 6) shows that these are all consistent with the above pictures +). 

There is, however, one important point that remains open to further 
study, the question how the longitudinal jointing in sandy and caleareous 
beds is related to schistosity. From a mechanical point of view fracturing 
in this direction is not yet quite understood. Is it elastic rebound after 
the folding came to an end, or did also in this case some elastical anisotropy 
originate which may account for this way of fracturing? The application 
of structural petrology methods may add to the solution of this problem. 


The discrepancy between the mean of the strikes of the bedding- and of 
the schistosity planes in the Luxembourg Ardennes and the Rhenic Massif, 
and Rutten’s paper. 


Van WIJNEN (1953) stated a statistical difference between the mean 
of strikes of the bedding- and of the schistosity planes in Luxembourg 
Ardennes of about 5°. Born (1929) measured a mean difference of 28° 
between these planes in the Rhenic Massif?) and, moreover, a northern 
dip of the schistosity planes in the neighbourhood of Ehrenbreitstein, 
where the axial planes of the folds are dipping south. These observations, 
combined with the circumstance that in the upper Carboniferous to the 
north-west in this region no schistosity occurs, led Rurren to restate 
the hypothesis already formulated by Bory, that the origin of the 
schistosity in this region would be due to a second tectonic deformation, 
the first deformation only having caused folding of the rocks. This first 
deformation is then correlated with the sudetic phase before the sedi- 
mentation of the upper Carboniferous, the second with the asturic phase. 

Born’s observation on the deviating dip of the schistosity planes near 
Khrenbreitstein, however, was proved to be wrong by FouRMARIER 
(1956a), which the present author can confirm as he visited the site also. 

In the Luxembourg Ardennes, in which region the author worked 
together with Van WisNEN, there are furthermore only a few exceptions 
to the rule that in vertical section the schistosity tends to be parallel 
to the axial plane of the fold, under the restriction, of course, of the 
phenomenon of normal or reversed fanning. As a rule these exceptions 
seem to be related to the occurrence of faults (e.g. exposure at the railway 


1) FourMARIER (1956a, fig. 3, 19566, fig. 58) describes one situation that does 
not fit in with theory: the schistosity in a quarry opposite the railway station at 
Bodange (Belgium) in Devonian shales and sandstones, would show reversed 
fanning. A visit to this quarry revealed that a drawing error must have crept into 
Fourmarier’s sketch: in the shales the schistosity has an overall inclination of 
75 + 1°. 

2) The discrepancies between strike of the bedding- and of the schistosity 
planes in the Rhenic Massif was recently confirmed by HorprENrErR, who states 
that differences up to 20° may occur. Whether the mean of 28° of Born is real, 
remains, however, a question of serious doubt as this figure was based on only 
200 measurements. 
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station at Maulusmiihle). We may further state that, if the axial plane 
of a minor fold did not pitch conformably to the general tectonic trendline, 
the schistosity dipped also anomalously and was in no way related to the 
general structure. 

So a general discrepancy between the axial plane of folds and the mean 
dip of the schistosity in vertical sections, is definitely not present. 
Rutten’s observation on the distribution of the schistosity over the whole 
area under consideration furthermore forms a simplification. In certain 
parts of the Rhenic Massif, schistosity is also absent in the Devonian 
shales. If we take, for instance, the Ahr valley, we see, going from west 
to east, cleavage gradually appear in layers of the same stratigraphical 
level. The first pronounced appearance, just west of Altenahr, is an 
excellent example of parallelism of the schistosity planes with the axial 
plane of the fold. In the fold near Schuld, described by H. CLoos in his 
“Gang und Gehwerk einer Falte’’ (1948), a beginning of cleavage may 
also be observed in the flexure of the “heel”. Although evidently the 
region upstream as a whole was below the level of- deformation at which 
cleavage may develop, at some places locally the deformation seems to 
have attained that level. The close relation between geological structure 
with more than normal deformation and the occurrence of cleavage, 
now is a strong argument in favour of a synchronous origin of fold and 
schistosity. 

In conclusion it may be said that the hypothesis of Born and RuTTEN 
is only partly satisfactory. Many questions remain unanswered. Moreover, 
major objections are that the origin of schistosity, which is a world-wide 
feature, is attributed to local circumstances and further, that the authors 
do not make clear why recrystallization would occur only in a second 
tectonic phase. 

Rutten’s paper, nevertheless, has one great merit: it focusses the 
attention to the circumstance that a simple geometrical orientation of the 
schistosity planes is not always realized. For, deprived of observational 
errors, it has become clear by the work in the Ardennes and the Rhenic 
Massif that deviations in strike may occur which are greater than could 
be expected from axial deformations alone, if the schistosity were orien- 
tated parallel to the axial plane, and thus the statement that the schistosity 
planes are orientated in this way forms only a first description of the 
phenomenon. 

However, may a rigorous parallelism be expected? To answer this 
question we may recall that the schistosity planes represent only a part 
of the deformation, viz. the strain ellipsoid that ruled the last part of it. 
The folded structure of the bedding planes on the other hand is the result 
of the total deformation, in the first place with regard to time, in the 
second place spatially, i.e. with regard to the character of the deformation 
~—from competent to incompetent — of all the layers involved. As generally 
the stress distribution continuously changes—by the finite deformations 
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the boundary conditions are continuously changed and hence the stresses — 
a more than rough correlation between the total deformation as given 
by the folded structure and the last part of it as given by the schistosity, 
cannot be expected. 

The foregoing is valid in cross sections as well as in the direction of 
the strike. The data on the pitch of a fold, obtained from the difference 
in strike of schistosity and of bedding plane, now lose much of their 
value. The figures thus obtained may still carry the right sign but may 
be exaggerated several times; in cases of very intricate deformations 
even the sign may be wrong. 

This failing of the schistosity as a direct help in the mapping of folds 
and their axial pitch, should not make us neglect the measurement of 
the strike and dip of the schistosity, as it now may become an aid in 
the unravelling of the physical events that lead to the ultimate structure. 

Finally the attention may be drawn to discrepancies of the same 
character and order of magnitude as the above, stated by WEGMANN, 
between the ““Kriimmungsbild”’ and the “‘Gleitungsbild”’ of a fold, that is, 
the discrepancy that in some cases may be observed between the coordi- 
nates of a fold and the fabrics of lineation features on the bedding planes. 
Here also the end result of the total deformation is compared with one 
aspect of it and the only difference is that in this case nobody is doubtful 
as to the simultaneous origin of both features. 


Fourmarier’s “‘toit supérieur de la schistosité”’ 


FoOURMARIER (1956a) states that schistosity only may develop if there 
is an overburden of 5000 to 6000 meters of sediment. Dr Srrrer (1956a) 
gave as his opinion that this estimate is rather on the high side, and 
described an example in the Pyrenées, where the overlying sediments 
may only have had a thickness of less than 1000 meters. Nevertheless, 
it is clear, that a certain overburden indeed seems necessary for the 
development of schistosity. 

This can readily be understood if we consider that for the occurrence 
of recrystallization certain physical conditions will have to be fulfilled, 
that the character of plastic deformation also is dependent on hydrostatic 
pressure and temperature and that for orientation of mica by plastic 
flow alone a certain degree of flow (‘‘Durchbewegung’’) is necessary. 

We will not go further into this point and only mention EK. Cloos’s 
observations (1947) regarding this question. CLoos demonstrated that 
cleavage only occurs in a certain fold, when the plastic shortening, as 
determined from the dimensions of the deformation ellipsoids, had 
attained a value of 20 %. This outcome is quite in harmony with our 
observations in the Ahr-valley (see the previous section) and both obser- 
vations seem to confirm the suggestions mentioned above. 


Schistosity in metamorphic areas 


It is clear that the same principles regarding the orientation of mica 
will be working in metamorphic rock. 

Micaschists may have originated under the influence of overlying load, the 
higher degree of recrystallization being the result of a higher temperature. 

Round an updomed granite, however, flow must have occurred in the 
surrounding material, i.e. the gneisses and the micaschists. This flow 
must have been directed at right angles to the pressure evoked by the 
updoming and the schistosity planes will thus follow the domed structure. 
This is indeed the situation as found in nature. 

If further tectonic deformations occur, the mica will adjust itself by 
plastic flow and recrystallization to the new strain directions and so other 
structures may develop. 

We shall not deal with this problem here any further, but it may 
shortly be said that the extension of the developed theory of schistosity to 
metamorphic areas does not seem to offer any difficulties. The knowledge 
of the stress field in a given structure, revealed by the orientation of mica, 
may even prove to be of great value to the study of petrogenetic problems. 


Final considerations 


It appeared to be possible to explain the origin and the distribution 
of schistosity by a combination of rotation as a result of plastic flow and 
of recrystallization, if we take into account the elastic anisotropy that 
govern both processes. It will be clear that the same processes will work 
on other crystals occurring in geological structures. 

However, the general application of the principles found is hampered 
by the difficulty in determining the boundary conditions that ruled 
during the deformation. In the case of mica, we could surmise that the 
strains are primary, but this will not always be the case. Further we had 
the advantage that mica possesses a very pronounced elastic anisotropy 
which made the determination of the equilibrium position for recrys- 
tallization and plastic flow fairly easy. In general, the anisotropic character 
will be less explicit. 

Still, the study of the orientation and rotation of other crystals (e.g. 
helicitic structures) seems to be promising. Definite orientations have been 
recorded for quartz and calcite (e.g. GRUBENMANN-—Ni@a@Lt (1924), R. C. 
Herm (1952), McInryre and TuRNeER (1953)). It thus will be very useful 
to undertake the development of the considered principles also for other 
cases. At the same time, the collecting of more field data on this subject 
may be recommended. 
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ORGANIC CHEMISTRY 


THE RATES OF REACTION OF SOME AMINO ACIDS AND 
AMINO ACID DERIVATIVES WITH RESPECT TO 
DINITROPHENYLATION AND ACETYLATION 


BY 


D. M. BROUWER, Miss M. J. VAN DER VLUGT anp E. HAVINGA 


(Communicated at the meeting of January 25, 1958) 


Introduction and general remarks 


Acetic anhydride and 1-fluoro-2,4-dinitrobenzene (FDNB) are widely 
used as group reagents [1-3] in protein chemistry. The latter compound 
(FDNB) was of special interest to us as its application might open up a 
way to obtain more definite information about the role of an imidazolyl 
group in chymotrypsin-catalyzed reactions [4-7]. 

Since little is known about the reactivities of acetic anhydride and 
FDNB towards the various groups occurring in proteins (see Co 4.95: 
8-12]), we determined the rate constants for the reactions of these 
reagents with a series of amino acids and peptides, viz., glycine, valine, 
serine («-amino groups of amino acids), glycylglycine, diglycylglycine 
(terminal amino groups), N-acetyltyrosine (phenoxyl group), ¢-amino- 
caproic acid (as a model for the e-amino group of lysine), imidazole 
(representing the imidazolyl group of histidine) and proline (imino 
group) [7]. 

The reactions were carried out in aqueous solutions, the dinitrophe- 
nylation at pH 8-9 and the acetylation at pH 6. The course of the 
reactions was followed by keeping the pH of the unbuffered reaction 
media constant by addition of a suitable base and determining the volume 
of base required for the neutralization of the acid liberated during the 
reactions. 

The dinitrophenylation and the acetylation of an amino group are 
represented by the overall equations 


+ 
(NO,),C;H,-F + p H,N-R + (1-p) H,N-R — (NO,),C,H,-NH-R + (2-p) H+ + F- 


and 
Le 
(CH,CO),0 + p H,N-R + (1-p) H;N-R > CH,CO-NH-R + (2-p) H+ + CH,COO- 


The value of » depends on the pK of the amino group and the pH 
of the solution according to the equation 


ey + 10PK—pH 
p 
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Similar overall equations are valid for the dinitrophenylation and the 
acetylation of the imino group and the imidazolyl group, while for the 
phenoxyl group (2—~) should be replaced by (1—p). 

As the various groups react only in their basic or conjugate-basic 
forms and as the rate constants, computed from v=k,,, Cann apne) 
X Crotatamimer Will therefore depend on the value of p, the rate constants 
will be expressed as k,=k,,,./p, k, being the intrinsic rate constant for 


the group involved. 


Dinitrophenylation 
The dinitrophenylations were carried out at 25.0°C and pH 8-9. 


A 80 ml double-walled beaker was used as reaction vessel; water of constant 
temperature was circulated between the two walls. A solution of 0.08—0.15 mmoles 
of the amino acid in 55 ml of water was adjusted to the pH desired. 0.5 ml of 
FDNB was added with magnetic stirring; the pH was kept constant by adding 
0.01 N sodium hydroxide from a burette. The base uptake was read every minute. 

Since FDNB is sparingly soluble in water, a “steady-state” concentra- 
tion—somewhat lower than corresponds to saturation—will be reached 
after some time. Accordingly, the titration curves, an example of which 
is given in fig. 1, show an increase of the reaction velocities at the beginning. 
Presently, the velocities decrease as the concentration of amino acid 
decreases. 


mi NaOH (OOIN) 
16 


24 6 8 10 12 14 16 18 20 
——— min 
Fig. 1. Dinitrophenylation of valine in a “‘saturated” solution of FDNB at 25.0° C 
and pH 9.0. Curve a: base uptake by 0.20 mmole of valine as a function of time. 
Curve b: blank representing the hydrolysis of FDNB and the CO, uptake. Initial 
volume 55 ml. 


The reaction velocities were determined from the slopes at 4.5, 10.5 
and 17.5 min; corrections were applied for the hydrolysis of FDNB 
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TABLE 1 
Reactivities towards FDNB of the basic forms of the groups studied. 


SS 


| Compound | pK }) pH?) | 100.p *) | mmoles *)|__k,, 5) 2-+log ky §) 
I| Glycine a) | 9.60 [13] | 9.04] 21.5 0.20 0.19 1.25 
| 0.08 0.20 
| 0.15 0.18 
| 8.57 8.5 0.45 0.15 
8.06 2.80 1.20 0.16 
b) | 9.80 [14] | 9.04] 14.8 0.20 0.26 1.41 
0.08 0.28 
| | 0.15 0.25 
8.57 | 5.7 0.45 0.23 
8.06 1.78 1.20 0.26 
2 | Diglycine a) 8.13 [13] | 9.04 | 89 0.20 0.037 0.55 
| 8.03 | 44 0.40 0.034 
| 
b) 8.23 [14] | 9.04 | 88 0.20 0.038 0.57 
8.03 | 39 0.40 0.037 
3 | Triglycine 8.11 [14] | 9.05 | 90 0.20 0.036 0.56 
| 7.83 | 34 0.40 0.037 
4 | Valine 9.62 [13] | 9.04 | 20.8 0.20 0.19 1.25 
| | 9305) 21-2 0.29 0.19 
| 8.05 2.63 1.20 0.16 
5 | Serine 9.15 [13] | 9.05 | 44 0.20 0.064 0.79 
8.05 7.4 1.20 0.058 
6 | €-amino- | 
caproic acid | 10.75 [15] | 9.04 sO) 0.40 0.34 1.54 
7 | N-acetyl- 
tyrosine 10.30 [16]*)) 9.04 5.2 0.20 1.0 2.01 
8 | Proline 10.60 [13] | 9.05 2.68 0.08 5.6 219 
8.07 0.294 0.60 6.3 
8.05 0.284 0.30 6.6 
9 | Imidazole 6.95 [17] | 9.04 | 99 1.50 0.0067 0.81 —-1 
8.03 | 92 1.50 0.0062 


) The pK values are derived from the literature quoted. 

) pH of reaction mixture. 

8) Fraction present in the (conjugate) basic form. 

) Initial concentration in mmole/55 ml. 

) 2nd-order rate constants in I.moles~t.sect, based on the (conjugate) basic 
form. 

6) From the mean value of k,. 

*) Estimated from pK values of tyrosine derivatives as reported by 
Brutcom [16]. 
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and the CO, uptake. The amino acid concentrations at these times 
were calculated from the initial concentration and the amounts of base 
consumed. Assuming the concentration of FDNB to be 0.010 M during 
the whole period (see below), the rate constants at 4.5 min appeared to 
be about 10 per cent lower than those at 10.5 and 17.5 min, the difference 
between the latter being less than 4 per cent. This is satisfactorily con- 
sistent with the rate of dissolution of FDNB. The results are summa- 
rized in table 1; for discussion, see below. 


In order to determine the solubility of FDNB at 25° C1) as well as the rate of 
dissolution under the conditions used a suspension of 0.5 ml of FDNB in 60 ml 
of water was stirred. At suitable intervals samples of the solution were filtered, 
the FDNB dissolved was hydrolized with 0.2 N sodium hydroxide and the dinitro- 
phenolate was determined upon dilution by its optical density at 360 my. 
The results are given in table 2. 


TABLE 2 
Solubility and rate of dissolution of FDNB in water at 25° C 

Ex Time of Concentration of 
XP: dissolving | FDNB 
1 45 min | 11.2 x 10-3 M 
2 45 ,, | 1.0" x, 10S 
3 45 ,, | 11.2 x 10-° M 
i ie | 7.5 x 10° M 
oe ee Comer | 10.1 x 10-3 M 
4 20) 15 10.9: % 30-" 
4 45, | 11.2 x 10° M 


Acetylation 


Because of the high rate of the aminolysis and hydrolysis of acetic 
anhydride at room temperature the measurements were performed at 
0° Cand pH=6.0. The acid liberated during the reactions was neutralized 
with disodium phosphate ”). 


0.10 ml (1.06 mmoles) of acetic anhydride was added to 60 (or 55) ml of water 
in a 100 ml beaker cooled in melting ice, under vigorous magnetic stirring. The 
pH was kept at 6.0 by addition of 0.2 M disodium phosphate from a burette; the 
volume of base needed was read every 30 seconds. After 4.5 min 5 (or 10) ml of an 
ice-cooled solution, containing 0.3-3.2 mmoles of amino acid and previously adjusted 
to pH 6.0, were added. The base uptake was determined every 30"' for another 
10 minutes. 


The velocities of the reactions were determined from the titration 


a] 


curves *) (see fig. 2) at t=6 min; corrections for the hydrolysis of the 


1) According to Zann (Biochem. Z. 322, 327 (1952)) the solubility at 20°C 
is 0.15 per cent (= 8.10-* M). 

*) Sodium hydroxide could not be used at this low pH and high reaction rates, 
as the locally high OH~-concentrations upon addition of this base proved to exert 
a strong influence on the values found for the rates of the reactions. 

*) Corrections for the degree of dissociation of acetic acid and of the phos- 
phate ion at pH 6.0 and 0.5° C were determined experimentally. 
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anhydride at that moment were applied. The concentrations of the 
anhydride and of the amino acid were calculated from the initial concen- 
trations and the volume of base consumed. The results are given in 


table 3. 
TABLE 3 


Constants for the rate of reaction with acetic anhydride 


ne eee 


| Compound pK *) 7) pH 2))|)" p.10° *) | mmoles *) k, ?) log k,, ?) 
1 | Glycine a) 10.32 | 6.04 5.25 0.75 1210 3.16 
| | | 0.375 1690 
| b) | 10.52 | 6.04 | 3.31 | 0.75 1910 3.36 
| | | 0.375 2670 
| 
2 Diglycine a) | 8.80 | 6.02 | 166 0.30 360 2.55 
6.01 | 162 0.30 345 
b) | 8.90 | 6.02 132 0.30 455 2.63 
6.01) 129.) 20.30 430 
3| Triglycine | 8.78 | 6.03 | 178 0.30 580 2.83 
| | 0.30 770 
4 | Valine | 10.33 | 6.04 5.13 0.70 900 2.94 
| | | 1.40 860 
| | | 
5 | Serine | 9.85 6.02 | 14.8 0.80 510 | 2.66 
6.03 | Wall || eA 0) 410 
| | | 
6 | e-amino- | 21.51 | 6.03 | 0.33 2.0 2200 3.33 
caproic acid | 2.0 2100 
7 | N-acetyl- | 10.70 | 6.03 | 2.14 | 3.2 | 440 2.67 
tyrosine | | 3.2 500 
8 | Proline inet |-6.04) 0,50 | 10 45000 4.65 
| | 
9 | Imidazole | 7.41 | 6.04 | 4090 | 0.38 | 21 1.29 
| 0.145 18.5 


1) The pK at 0° C was computed from pK,, according to the equation given 
by Epsatt [15], —4H = 14.94 x (pK,, — pK,). The values of 4H were 
derived from the same article. 

2) Cf. 7)-8) of table 1. 


It should be mentioned that the reaction between acetic anhydride 
and imidazole in water does not lead to N-acetylimidazole as an end 
product, but results in an imidazole-catalyzed hydrolysis of the anhydride 
during which N-acetylimidazole is formed as an intermediate [7, 18]. 
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mi Na5HPQ,(0.2M) 


7 


2 “a 6 8 lO 12: 
ae 
Fig. 2. Acetylation of proline at pH 6.0 and 0.5° C. Base uptake by: a) 0.106 
mmole of acetic anhydride; b) after the addition of 1.0 mmole of proline. Initial 
volume 60 ml 


log kh 
5 
28 
ed Acetylation 
He bt 
a 
3 3 es e4 % 
a — 
a. a 2a 
2 ai 
x) 
| .8 


Dinitrophenylation 
7 8 9 ie) i 12 


Fig. 3. Relation between the intrinsic reactivities (log k,) and the basicities (pK) 
of the compounds investigated. The numbering corresponds with that of the 
tables 2 and 3. 
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Discussion 


In fig. 3 the reactivities are plotted vs. the basicities of the compounds 
investigated. It should be noted that the determinations of the rate 
constants for the acetylation are considerably less accurate than those 
for the dinitrophenylation. 

The rate of the acetylation with acetic anhydride is much faster than 
that of the dinitrophenylation. When the acetylation of a protein or a 
peptide is carried out at pH 6 with slightly more than a “stoichiometric” 
amount of the anhydride, the terminal «-amino groups will be completely 
acetylated within 5 to 10 minutes. Since the acetylation of the e-amino 
groups proceeds rather slowly as compared with the hydrolysis of the 
anhydride, a complete acetylation of these groups will be effected only 
with difficulty. The acetylation would benefit by being carried out in 
a medium having not too low a pH, the rate of hydrolysis of acetic 
anhydride being less than proportional to the hydroxyl ion concentration 
in the range pH 6-7 [18]. 

The data of fig. 3 bear out that the rate constants for the dinitro- 
phenylation of the basic forms of the compounds investigated roughly 
obey a ““Bronstedt relation”: log k,=a« log K+C, « amounting to about 
—0.5. To a certain extent a similar relation holds for the acetylation. 
The factors governing the reactivities of the a-amino groups of the 
amino acids, as shown above, differ essentially from those determining 
the reactivities of their carboxylic groups as represented by the rates 
of the alkaline hydrolysis of the ethyl esters. In a systematic investigation 
into the relation between structure and reactivity of the ethyl esters of 
amino acids vAN DE Port [19] found that the steric properties of the 
amino acid ‘“‘chain” have a strong influence upon the rate of the alkaline 
hydrolysis. e.g. the ratio of the rates of hydrolysis of the esters of glycine, 
valine, isovaline and f-methylvaline being 600:23:5:1. Fig. 3 shows, 
that the dimensions of the chain do not affect the reactivity of the «- 
amino group, although the amino group is at the same distance from the 
chain as the carboxylic group and the attacking molecules in the case of 
the substitution reactions are considerably bulkier than the attacking 
hydroxyl ions in the case of the alkaline hydrolysis. From molecular 
models it appears that for instance in the case of the isopropyl group of 
valine steric hindrance occurs, when the planar configuration of the ester 
group passes into a tetrahedral one on the formation of the intermediate 
R-C(OH),—OEt [20]. In contrast with this, steric influence by bulky side 
chains does not show up when considering molecular models in the case 
of substitution reactions at the nitrogen atom. 

Interestingly enough, the reactivity of the imino group of proline is 
considerably higher than would be expected from its basicity. Since the 
reactivity of the ester group of proline ethyl ester is not greater than 
that of glycine or alanine, it is suggestive to consider the remarkably 
high rate of diketopiperazine formation from proline ethyl ester [21] as 
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another example of the great reactivity of the imino group. However, 
the results obtained by Rypon and Smiru [22] do not support this view. 

The effective reactivity of a group, of course, also depends on the pH 
of the reaction mixture. It is perhaps not superfluous to point to the 
fact that, due to the differences in pK values, not only the reactivity of 
one group in particular, but also the ratio of the reactivities of different 
groups changes with the pH. Whereas the reactivity towards FDNB of 
the e-amino groups at pH <6 is one hundredth of that of the imidazolyl 
group, this ratio is reversed at pH=11 (Cf. [7)). 


Materials 


Glycine, alanine, serine, valine, proline, imidazole, e-aminocaproic acid and 
FDNB were commercial products, checked with regard to purity. 

Diglycine (as the hydrochloride monohydrate) was prepared by partial hydrolysis 
of diketopiperazine [23]; triglycine was made according to the method given by 
FiscHer [24]. N-acetyltyrosine was obtained by acetylation of tyrosine [25]. 

Acetic anhydride was two times distilled. 

The pH was measured by means of a glass electrode (G 202 BK) and a Radio- 
meter PHM 22 m. 


Summary 


Rates of dinitrophenylation (by dinitrofluorobenzene; pH=8-9) and 
of acetylation (by acetic anhydride; pH=6) were measured for glycine, 
valine, serine, N-acetyltyrosine, e-aminocaproie acid, proline and imi- 
dazole. The rates of dinitrophenylation, and to a lesser extent the rates 
of acetylation also, were found to obey a Bronstedt relation: log ko 
—0.5 log K+C. Proline showed an exceptionally high reactivity. 

Some theoretical aspects and practical consequences are discussed. 


(Laboratory of Organic Chemistry 
The University, Leiden) 
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ORGANIC CHEMISTRY 


BENZYLATION AND ALLYLATION WITH 
QUATERNARY AMMONIUM BASES 


BY 


H. M. WUEST, J. A. BIGOT, Tu. J. DE BOER anv J. P. WIBAUT 


(Communicated at the meeting of January 25, 1958) 


Dimethylphenylbenzylammonium hydroxide (‘‘leucotrope”) has been 
known since 19261) as a benzylating reagent for phenols. 

We have found that the reaction is equally suitable for the benzylation 
of carboxylic acids 2), We applied it succesfully in the (tri)benzylation of 
one particular hydroxydicarboxylic acid of the pyridine series (as an 
intermediate in the synthetic route to vitamin Bg). 

The benzylating reagent does not attack the pyridine nitrogen in this 
nor in other cases (picolinic-, nicotinic- and isonicotinic acid). 

Similarly dimethylphenylallylammonium hydroxide proved useful as 
an allylating reagent for mono-carboxylic acids. With dicarboxylic acids 
no di-allyl-esters (contrary to the accessible dibenzyl esters) could be 
isolated. 


EXPERIMENTAL 
Dimethylphenylbenzylammonium chloride (leucotrope’’) 


A mixture of 363 g (3 moles) of dimethylaniline and 253 g (2 moles) 
of benzylchloride, both freshly distilled, was kept in the dark at room 
temperature. Hvery 48 hours the separated crystals were filtered and 
washed liberally with dry ether. 

The first three portions are usually colourless and amount to 323 g 
of leucotrope i.e. 65 °% with m.p. 172-174°. 

The product was stored in the dark to prevent (purple) discolouration. 
Coloured material can be recrystallised from ethanol-ether. 


Dimethylphenylallylammonium chloride 


A mixture of 363 g (3 moles) of freshly distilled dimethylaniline and 
253 g (2 moles) of allylchloride (c.p., assay not less than 97.5 %) was 
refluxed, while carefully protected against moisture, at 45° for ten days. 


1) H. Baw, J. Indian Chem. Soc. 3, 101 (1926). 

*) After completion of our work we found a Russian paper, by A. Porar— 
Kosuirz, Truduy Leningrad Khim tekhnol. Inst. 1, 7 (1934); Chem. Abstr. 29, 
7957 (1935) in which similar benzylations had been described for carboxylic acids. 
No pyridine carboxylic acids were mentioned. 
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The resulting reddish (sometimes purple) crystals were quickly filtered, 
washed with dry ether and immediately transferred to a desiccator 
containing calcium chloride or phosphorous pentoxide. 

See ee : ; 

Yield: 257 g (1.3 moles) ie. 65 % Of strongly hygroscopic material: 
m.p. 146—-147°. 

The product can be used without further purification. 

An “analytical”? sample was prepared by recrystallisation from a 
mixture of ethanol and ethyl-acetate; m.p. 147-148°, 


Analysis: CyH,gNCl Cale. C 66.83; H 8.10; N 7.09: (Cl 17.97 
Found) C647". Wus:7_-- N 6:8: Cl 16.5 


The deviations are caused by the highly hygroscopic character of 
the product. 


Alcoholic solutions of quaternary ammonium bases 


A solution of 0.2 mole of dimethylphenylbenzylammonium chloride, 
resp. dimethylphenylallylammonium chloride in 100 resp. 200 ml of 
ethanol was cooled to —15° and treated with a cold alcoholic solution 
of sodium ethoxide (from 4.6 g of sodium and 120 ml of abs. ethanol). 

After standing for 15 minutes at — 15° 3), the separated sodium chloride 
was removed by filtration. The resulting solution was approximately 
0.9 N for the benzylating reagent and 0.6 N for the allylating reagent. 


TABLE I 
b.p. eee Yield picrate m.p. 

Benzyl nicotinate °) |) 186°/14 mm *) 1.5710 65 % 151-156° 

lit. 156-157 >) 
Allyl nicotinate °) 117°/10 1,5271 Sa % 109-109.5° 

| lit. 91-92°/3 9) 
Benzyl picolinate 206°/15 1.5751 66 % 107-108° 
Allyl picolinate 142°/14 1.5260 59% 81—82° 
Benzyl isonicotinate 70 yuo) .15698 HOY, 140.5-141° 

137°/0.4 | 
Allyl isonicotinate 104-106/10 1.5275 Dan, 108—110° 
lit. 94-7°/4 4) 


Notes: *) Solidifies after a few weeks at —15°; m.p. 21—23°. 

b) Ya. L. Gou’prars, J. Applied. Chem (U.S.S.R.) 10, 515 (1937); Chem. 
Abstr: 31, 6657 (1937). 

¢) R. CHaronnat, M. and J. V. Harispe and L. Carviniarp, Bull. Soc. 
Chim. France 1948, 1014. . 

d) G. E. Ham and A. B. Craic, U.S. pat. 2691, 641, Chem. Abstr. 49, 
3549 (1955). 

e) M.p. 39-40°. 


3) At higher temperatures the base deteriorates. 
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Benzylation and allylation of pyridine monocarboxylic acids 


To a solution of the pyridine carboxylic acid in dimethylformamide 
was added an alcoholic solution of the quaternary ammonium base 
(30 % excess). 

The alcohol was removed in vacuo and the residue was heated for 
one hour in an oil bath at 125-130°. After cooling the mixture was 
extracted with ether, the extract was dried with sodium sulfate, and the 
solvent removed in vacuo. 

The residue was distilled under diminished pressure with a small 
fractionating column. 

After removal of dimethylformamide and dimethylaniline the desired 
esters were collected. These were identified as picrates. 

All picrates were recrystallised from ethanol except the picrate of 
allyl picolinate which was recrystallised from ether and a little acetone. 

Analytical results for all picrates were in agreement with calculated 
values. 

Physical constants and yields are collected in table I. 


Benzylation of “Ichiba acid” 
(2-methyl—3-hydroxy-pyridine—4,5-dicarboxylic acid) 


To a suspension of 13 g of Ichiba acid (66 mmoles) in 40 ml of absolute 
ethanol were added 350 ml of an alcoholic solution containing 260 mmoles 
of dimethylphenylbenzylammoniumbase. Ichiba acid dissolved gradually 
while the solution became cherry red. Ethanol was removed under dimin- 
ished pressure and the residue was heated for one hour in an oil bath 
at 115-125°. Dimethylaniline was removed with superheated steam 
(160-165°). The residue was taken up in ether, dried with sodium sulfate 
and ether removed in vacuo. The residual oil (28 g) was dissolved in 
dry ether (250 ml) and 12 ml of 5.1 N ethereal hydrochloric acid were 
added at —15° under vigorous stirring. The precipitated tar (25 g) was 
dissolved in 20 ml of absolute ethanol. 

Upon addition of 3 ml of 5 N ethereal hydrochloric acid and 150 ml 
of dry ether, a finely crystalline precipitate resulted. This was filtered 
off, washed with ether three portions of 75 ml each. Yield of tribenzyl 
Ichiba acid hydrochloride 19.0 g, m.p. 92—99°. 

From the mother liquor another 3.7 g of the hydrochloride could be 
obtained m.p. 88—-94°. Total yield of crude product 22.7 g i.e. 68 os 

An analytical sample was prepared by treatment with ethanol, ethereal 
hydrogen chloride and dry ether, m.p. 110°. 


Analysis: CygH,,CINO; Cale. CO 69.16; H 5.20; N 2.78: Cl 7.05 
Found C 69.2; H54; N29; (15.5 


The low chlorine value is probably caused by loss of hydrochloric 
acid during the drying process. 
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The free base was obtained from the (crude) hydrochloride as follows: 


22.7 g of “‘tribenzyl Ichiba acid’? hydrochloride were treated with a 
solution of 4.8 g of potassium bicarbonate in 180 ml of water. The aqueous 
solution was extracted with ether. After treatment with charcoal, and 
drying with sodium sulfate, the ether was removed, leaving 18.7 ¢ of 
nearly white crystalline “‘tribenzyl Ichiba acid” m.p. 77-79°. 


Analysis : C,,H,,NO; Cale. C 74.50; E175.39; N 3.00 
Found Cri4ob: = bal lng 8 N-3.3 
The picrate was also prepared in ethereal solution m.p. 98-98.5°. 
Analysis : Cy, es N.Oje Cale. C 60.34; H 4.06; N 8.05 
Found C2603: H 4.1 ; N 8.0 
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A COMBINATORIAL PROBLEM OF BIOCHEMICAL ORIGIN 
BY 


HANS FREUDENTHAL 


(Communicated at the meeting of February 22, 1958) 


Summary of “Ein kombinatorisches Problem von biochemischer 
Herkunft’’, published in these Proceedings, Series A, 61 (1958), 
253-258. 


In the model of biochemical protein synthesis due to CRicK, GRIFFITH 
and Ore@eEL and dealt with by J. Tu. G. OverRBEEK at the January 
meeting, the ribonucleic acids are given the task to arrange the available 
amino acids in the order in which they must be bound. A ribonucleic acid 
is considered as a chain built up of four kind of pieces (called a, b, c, d) 
in a linear order with repetitions. Three contiguous pieces can act together 
in order to attract one amino acid tuned in this triple. Possible confusion 
can be avoided by the postulate: If the two triples xyz and wew are met 
with in this order, the triples yzw and zuv may not correspond to any 
amino acid. (x, y, 2, u,v, w are variables assuming the values a, b, c, d.) 
This leads to the problem: 

An ordered triple built up of the letters a,b,c,d is called a word. 
A set S of words is called a language if the following is true: 


if vyz and wow belong to S, 
then neither yzw nor zuv belong to SN. 


All languages with a maximal number of words are to be enumerated. 

This problem has completely been solved. The maximal languages 
have 20 words (as many as there are different amino acids occurring in 
proteins). There are 14 essentially different types of maximal languages. 
(See the original paper.) 


CHEMISTRY 


SYNTHESIS OF «a-CEPHALINS 


(preliminary communication) 
BY 


P. E. VERKADE anv L. J. STEGERHOEK 


(Communicated at the meeting of April 26, 1958) 


Recently a synthesis of monopheny] esters!) and monobenzyl esters 2) 
of glycolphosphatidic acids and «-glycerophosphatidic acids—we here 
confine ourselves to these two types of compounds—was described by 
us and it was remarked that these compounds are suitable starting products 
for further syntheses. As the first example of their application in this 
way we deal in the present preliminary communication with the prepa- 
ration of cephalins corresponding to the phosphatidic acids mentioned. 


OH 
CH,O —P¢ 
| O ‘OCH,-CH,-NH, 
CHO—CO-R, 
CH,O—CO-R, 
Ni 


The cephalins (see formula I, which here merely serves as an illustration) 
are to be looked upon as mono-esters of phosphatidic acids with 2-amino- 
ethanol (2-hydroxyethylamine; colamine). The advantage of the use of 
monophenyl esters or monobenzyl esters of phosphatidic acids as starting 
products for the synthesis of such compounds is therefore at once evident. 
In the esters just mentioned only one free “hydroxyl group” is present 
and thus available for the formation of a 2-aminoethyl ester, which 
naturally favours the obtainment of pure reaction products: in fact, 
the formation of bis-(2-aminoethyl) esters is ruled out. At this stage 
already it may be remarked that the ultimately required removal of the 
phenyl group or the benzyl group with formation of the “hydroxyl group” 
of the cephalin presents no difficulties. This reaction proceeds much more 
smoothly with the benzyl group than with the phenyl group. Hence for 
the present work we have used monobenzyl esters of phosphatidic acids, 
which fortunately are also most readily accessible. 


1) §. Mostert Pzn, L. J. SteGERHOEK, and P. EH. VERKADE, Rec. trav. chim. 


Tia Noda LOSS): 
2) Preliminary communication: P. E. Verxkaper, L. J. SrecerRHOoEK, M. A. 
HogmFNAGEL, and J. W. GIeELKENS, Proc. Koninkl. Nederl. Akad. Wetenschap., 


Series B, 60, 308 (1957). 
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The simplest method for obtaining cephalins of the two above-mentioned 
types would have been the reaction between silver benzyl acylglycol 
phosphate (IV) and silver benzyl diacylglycerol-x-phosphate (V) respec- 
tively (D and E=acyl group) —these salts are readily accessible, starting 
from the corresponding acids, 7.e. the monobenzyl esters—and 2-amino- 
ethyl bromide (II). To our knowledge, however, the last-mentioned com- 
pound hitherto has not been prepared in the pure state; it splits off 
hydrobromie acid very readily with formation of ethyleneimine, etc. 


BrCH,-CH,+NH, BrCH,+CH,+-NH-+CO-OCH,Ph 
II Til 


Our first experiments concerned attempts at performing a reaction in 
the desired direction between the silver salts in question and 2-(benzyl- 
oxycarbonylamino)ethyl bromide (III) in boiling benzene or boiling dioxan. 
We chose the latter compound, whose preparation has been described by 
KATCHALSKI and IsHal *), since the benzyloxycarbonyl group might easily 
be removed from the reaction product by hydrogenolysis in a neutral 
medium, i.e. might easily be replaced by a hydrogen atom. However, 
these experiments produced no useful result: in fact, the reaction products 
we obtained were silver bromide, oxazolidone-2, and the dibenzyl ester 
of the phosphatidic acid. On the strength of a statement by KATCHALSKI 
and IsHar*) about the behaviour of 2-(benzyloxycarbonylamino)ethyl 
bromide upon heating we had hoped that in our case the formation of 
oxazolidone-2 would at least play a role of little importance. 


Very good results on the other hand were obtained by us when we 
used 2-(dibenzylamino)ethyl bromide (V1) as starting product. This 
compound is readily accessible. The hydrobromide had already been 
prepared by Gump and Nrkawirz‘) by the action of hydrobromic acid 
on 2-(dibenzylamino)ethyl alcohol ; we followed this method of preparation, 
purified the hydrobromide by crystallization from a mixture of ethanol 
and ether, and subsequently decomposed it with the aid of a saturated 
aqueous potassium carbonate solution. We did not sueceed in purifying 
2-(dibenzylamino)ethyl bromide by distillation in vacuo, but fortunately 
this appeared to be superfluous. 

Our choice of 2-(dibenzylamino)ethyl bromide as starting product for 
our synthesis of cephalins was determined especially by the fact that 
according to investigations by Veituz, AMrARD, and Hnymps °), concerning 
the synthesis of peptides, the dibenzylamino group can easily be converted 
into the amino group by hydrogenolysis in glacial acetic acid in the 
presence of palladium black as catalyst. 


*) A. Karowanskr and D. B. Isxar, J. Org. Chem. 15, 1067 (1950). 
‘) W. 8S. Gumr and E. J. Nrxawirz, J. Am. Chem. Soc. 72, 1309 (1950). 
5) L. Veriuz, G. Amzarp, and R. Hrymus, Bull. soc. chim. France 1954, 1012. 


~OCH,Ph 
Ca,0—PO BrCH,-CH,-NQ- SOM OSE CH,P! 
O ‘OAg CH,Ph 0 0CH, CH NC a 
CH.OD y CH,Ph 
2 : CH,OD : 
TV VI VII 
cH,0-peo" 
| O ‘OCH,-CH,-NH, 
CH,OD 
Ix 
OCH,Ph CH,PI 
CH,O =PC : + BrCH,-CH,- Na ‘ — CH,O—PC eee CH.Ph 
| O ‘OAg CH,Ph | © OCH;.CH, NC” 
oD CHOD ‘CH,Ph 
CH,0E toss 
Vv VI Vill 
LO 
CH,O —P¢ e 
O ‘OCH,-CH,-NH, 
CHOD 
CH,OE 
xX 


To a hot benzenic solution of silver benzyl acylglycolphosphate (IV) 
or silver benzyl diacylglycerol-a«-phosphate (V) the equimolecular quantity 
of 2-(dibenzylamino)ethyl bromide (VI) was added, upon which the 
mixture was refluxed for about 2 hours. The reaction proceeded smoothly ; 
already after a few minutes silver bromide began to separate. The silver 
bromide formed was removed and the benzene was distilled off under 
reduced pressure. In the cases hitherto investigated by us (D=E=My, 
Pa or St) the remaining tribenzyl derivatives VII or VIII became crystal- 
line and could be obtained in the pure state by crystallization from 
absolute ethanol; this purification, however, was not necessary for the 
next step. 

The tribenzyl derivative was shaken in glacial acetic acid as medium 
at 40-50° with hydrogen under slightly more than atmospheric pressure 
in the presence of a palladium/active carbon (norit) catalyst according 
to VERKADE, COHEN, and VROEGE §); the theoretically required quantity 
of hydrogen (3 moles per mole of tribenzyl derivative) was absorbed. 
After the catalyst had been filtered off, the solvent was distilled 
off under reduced pressure. The cephalin remaining in the crystalline 
state was purified by crystallization from absolute ethanol. In the 


8) P. E. VeRKADE, W. D. CouEn, and A. K. VROEGE, Rec. trav. chim. 59, 1134 
(1940). See also L. W. Husszt, I. D. Morton, A. R. Topp, and P. E. VERKADE, 
ibid. 73, 155 (1954). 
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cases hitherto investigated by us the yield of pure product of types IX 
or X amounted to 80-90 %, referred to the silver salt used as starting 
product. 

It should be noted that as a rule this method of preparation of cephalins 
is obviously and unfortunately confined to such compounds as contain 
no component acids that can be reduced under the conditions of the 
hydrogenolysis, for example, unsaturated fatty acids (oleic acid, linoleic 
acid, linolenic acid, etc.). It would seem quite probable to us that the 
oxygen-linked benzyl group of the compounds of types VII and VIII 
can also be removed by the method of ZeRvas and DiaRIs%), 7.e. by 
boiling in an acetone solution with anhydrous sodium iodide. We have 
not yet tried to perform the debenzylation in this way because nothing 
would have been gained by it in preparative respects: the two nitrogen- 
linked benzyl groups would still have to be subsequently removed by 
hydrogenolysis. This will be different in the case of the synthesis of lecithins, 
which is on our program and is closely related to the synthesis of 
cephalins described in the present paper. 


The results of the analysis of the tribenzyl derivatives of types VII 
and VIII and the cephalins of types IX and X thus far prepared by us 
left nothing to be desired. 

Upon titration in alcoholic solution with dilute aqueous alkali hydroxide, 
using phenolphthalein as indicator, the cephalins behaved as monobasic 
acids; the equivalent weights found were in very good agreement with 
those calculated. 

The tribenzyl derivatives and the cephalins hitherto prepared by us all 
had sharp melting points. This applies therefore also to the compounds 
of types VIIT and X, i.e. to the derivatives of «-glycerophosphatidic 
acids. For example, our specimen of benzyl 2-(dibenzylamino)ethyl 
dipalmitoylglycerol-a-phosphate (VIII; D=E=Pa) melted at 45—46° and 
that of 2-aminoethyl dimyristoylglycerol-x-phosphate (X; D=E=Pa) 
—in forming this name we consciously leave out of account, just as in 
the above formulae, that the compounds in question are “internal salts”’, 
v.e. dipole molecules—or dimyristoyl-x-glycerocephalin at 195 —196°, 
This fact may undoubtedly be interpreted to imply that the compounds 
of types VIII and X obtained by us are homogeneous. It is important 
to stipulate this, since certainly with the compounds of type VIII and 
possibly also with those of type X, the «-cephalins, from the theoretical 
point of view the existence of two diastereoisomers is to be expected. 
We refrain here from a broad discussion of this topic. Reference may 
be made to a short discussion of a stereochemical nature in a previous 
paper !), 


") L. Zervas and I. Dimaris, J. Am. Chem. Soc. 77, 5354 (1955). 
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For a detailed description of the work outlined above reference may be 
made to a later paper in the Recueil des travaux chimiques des Pays- Bas. 
We intend to give there also a critical discussion of the already existing 
methods for the synthesis of glycolcephalins and «-glycerocephalins 4) 
with which in our opinion our method can favourably compete. 

The principle of the method outlined above can obviously be used 
with success for the synthesis of other types of phosphatides. We will 
go into this point in subsequent papers. 


el 


8) See e.g. the survey of these methods by T. Makin and T. H. Bevan, in 
Progress on the Chemistry of Fats and other Lipids, 4, 98-139 (1957). 
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1. Introduction 

In the preceding papers of this series [1, 2, 3] we showed that graphitic 
oxide has a constant bruto formula C,0,H,. This constant composition 
appeared to be independent of the type of graphite used as starting 
material. 

The evidence of the X-ray investigations of Hormann, FRENZEL and 
CsaLan [4] was not sufficient to give a detailed picture of the structure 
of graphitic oxide. On the contrary this investigation established only 
that the crystallographic parameters in the a- and b-axes in graphitic 
oxide are more or less the same as in the original graphite; moreover it 
appeared that the c-spacing is enlarged from 3.4 A in graphite to 6.3 A 
in dry graphitic oxide. Similar results were found by DERKSEN and Karz 
[5]. In a later stage Hormann [6] arrives at the following picture of the 
structure of graphitic oxide: oxygen atoms are statistically distributed 
on both sides of the intact graphite layers. Every oxygen atom is bonded 
by an ethylene-oxide bridge to two adjacent carbon atoms. A part of 
this “ethylene oxide oxygen” is hydrated as follows: 

O OH OH 
SS i 2S | 


y a ey 


Quite recently CLauss, PLass, BorHM and Hormann [7] arrived at 
the conclusion that keto-enol transitions occur in graphitic oxide: 


Experimental evidence of a completely different nature had already 
led us [8] to the same conclusion. Part of our experiments will be described 
in the present article. 


2. The oxidizing properties of graphitic oxide 

According to the above-mentioned publication of Hormann et al. [7], 
the presence of oxygen and of hydrogen in graphitic oxide is due to the 
presence of ethylene oxide groups, hydroxyl groups and keto-enol groups. 


Lor 


The most serious objection against this model is the fact that its 
structure does not show clearly why graphitic oxide has oxidizing pro- 
perties. 

The idea that graphitic oxide does not possess a constant composition 
is probably the main reason why very little attention has been paid 
hitherto to this oxidizing power of graphitic oxide. 

The bruto formula, found by us, for graphitic oxide i.e. C,0,H, suggests 
that the oxidizing properties of graphitic oxide are a consequence of a 
hydroperoxide character. This supposition is corroborated by the large 
thermolability and the sometimes explosive decomposition of graphitic 
oxide. Moreover we showed [3] that the thermal decomposition starts 
initially with an evolution of molecular oxygen. 

Thus it seemed interesting to investigate the behaviour of graphitic 
oxide with regard to some reduction agents such as HJ and TiCl, which 
are often used in the determination of hydroperoxides. 

During the course of this investigation it appeared to be interesting 
to investigate the acetylation of graphitic oxide. The results of these 
investigations and the conclusions therefrom are described in the following 
sections. 


3. Reduction reactions (general Remarks) 

In most of our experiments we have used acidified solutions of KJ 
in water. Many iodometric determinations, however, are known using 
other solvents than water. KoKaTNUR and JELLING [9] prefer for instance 
the use of 99 °% isopropylalcohol, whereas WAGNER et al. [10] advise the 
use of NaJ in dry isopropylalcohol. Nozaki [11] ,however, uses NaJ 
dissolved in acetic anhydride. 

Graphitic oxide cannot be solved in the usual solvents; so we chose 
for these reductions liquids in which graphitic oxide swells best. Water 
appeared to be sufficient for this purpose; moreover it is quite possible 
to free the water from any oxygen solved. The same arguments hold for 
acetic anhydride; therefore the method of Nozaxt [11] was applied too. 

A serious drawback of the iodometric hydroperoxide determination is 
the possibility that the iodine formed can be occluded by the reduced 
graphitic oxide. Therefore we have also investigated the reduction with 
TiCl,. Both reducing methods are complementary to each other. In the 
first case the degree of the reduction is determined experimentally by 
the quantity of iodine formed and in the second case we compute the 
degree of reduction from the quantity of TiCl, remaining after the reduc- 
tion is completed. From these experiments it appeared indeed that a 
part of the J, was occluded by the reduced graphitic oxide. We did not 
use the determination of peroxides with Fe?+ ions as recommended by 
TANNER and Brown [12] because we cannot a priori exclude the possi- 
bility of a catalytic decomposition of the possible hydroperoxide groups 
under the influence of the Fe?+ and Fe?" ions. 
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At first the reduction was carried out at 55°C. It was ,however, not 
certain that no induced decomposition of the graphitic oxide occurred at 
this temperature and in this reaction environment. Therefore the reduc- 
tions were also carried out at room temperature although the reaction 
velocity is very low at 20°C (the time necessary for completion of the 
reaction is about a week). 


4, Experimental part 

About 150 mg of graphitic oxide was placed in an erlenmeyerflask 
(250 ml), fitted on one side with an inlet tube ending just above the 
bottom of the flask. The air was swept out of the flask by passing a 
stream of CO, through this inlet tube. Afterwards 10 g of KJ were added 
followed by 25 ml deaerated 2 n H,SO,. During these manipulations CO, 
was always passed through the flask. The erlenmeyerflask was provided 
with a reflux condenser. On this condenser was placed a Goeckel valve 
filled with a saturated NaHCO, solution; all joints in this apparatus 
were ground glass joints. Finally the stream of CO, was passed through 
the flask for another 10 minutes and after that the inlet tube was closed. 
The flask was then heated in a water bath at 55° + 1° C during 6 hours. 
The removal of the water bath, after the reaction had ended, caused a 
decrease in pressure in the apparatus and as a result a part of the 
saturated NaHCO, solution was sucked from the Goeckel valve into the 
reaction mixture; this gave, in the acid solution, rise to an evolution 
of CO, whereby the pressure in the apparatus was restored and the rest 
of the saturated NaHCO, solution was pushed back into the valve. 

In this manner the air was prevented from penetrating into the appa- 
ratus. After cooling a slow stream of nitrogen was passed through the 
reaction mixture and any iodine sublimated in the condenser was rinsed back 
into the mixture by means of a few ml of ethanol. During the titration of 
iodine with Na,S,O, a stream of CO, was passed through the mixture. 

With every series of 4 determinations we carried out 2 blank deter- 
minations; in these blank determinations we found less than 0.1 °% of 
the quantities of iodine found in the determinations. 

To free the reduced graphitic oxide from the iodine occluded the follow- 
ing rather drastic method of washing was necessary: the reduced samples 
were washed with distilled water, concentrated HCl and ethanol respec- 
tively. Finally the products were washed with a concentrated solution of 
KJ in water followed by concentrated HCl. By carrying out this procedure 
twice we succeeded in obtaining samples of reduced graphitic oxide 
retaining only 2-3 % iodine. These last traces of iodine could not be 
removed. In carrying out quantitative measurements we had to exclude 
any oxygen; in this we succeeded by filtering and washing the reduced 
samples under CO, with a slight positive pressure [13]. 

The reduction with NaJ in acetic anhydride was carried out in an 


identical manner; here too the rather drastic method of washing was 
applied. 
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The reduction with TiCl, was carried out in an analogous manner; 
the solution of TiCl, was 0.25 n and 2.0 n in hydrochloric acid. The excess 
of TiCl, was backtitrated by means of a 0.15 n ferric chloride solution 
using NH,CNS as indicator. 

The acetylation of graphitic oxide was carried out following a modified 
Ruegss [14] method: about 200 mg of graphitic oxide was heated during 
a week at 60° C with a mixture of 5 ml acetic anhydride and 12 ml dry 
pyridine in a Carius tube. Afterwards the acetylated product was filtered 
very quickly and washed carefully with dry ether. It appeared that 
extraction of these samples with warm methanol was necessary to remove 
the last 10 % of pyridine occluded by the acetylated graphitic oxide. 
After this extraction the acetylated product was placed in a vacuum 
desiccator, containing silica and P,O,; to remove the methanol adsorbed. 

The determination of the acetyl content was carried out following 
Kun and Rors [15] by saponifying the sample with methylalcoholic 
KOH. After acidification the resulting acetic acid was distilled and 
titrated. 

The reduction of acetylated graphitic oxide with NaJ in acetic anhydride 
was carried out in an identical manner as described for the reduction 
with HJ. Only at the end of the reduction the saturated NaHCO, solution 
was prevented from being sucked into the reaction mixture by adding 
to this mixture a few pieces of solid CO,. This had to be done in order to 
prevent hydrolysis of the acetylated groups. All iodine could be removed 
by washing these reduced acetylated samples with warm acetic anhydride 
in which NaJ had been dissolved; the acetic anhydride was removed by 
extracting repeatedly the samples with warm, dry ether after which the 
ether was removed by placing the samples in a vacuum desiccator con- 
taining silica and P,O, until a constant weight was obtained. 


5. Results and discussion 
In the manner described above the reduction of several samples of 
graphitic oxide at 55° C was investigated. The results of these experiments 


are summarized in table I. 
TABLE) I 


meq. J, per g graphitic oxide 
: x meq. TiCl, per 
8) : . : after filtration g graphitic oxide 
by direct titration See En rey = 


a 


5 H’ 30.2 + 0.3 32.8 + 0.3 32.6 + 0.2 
3X 30.5 + 0.3 32.7 + 0.3 32.7 + 0.2 
3H’ | 29.1 + 0.3 32.4 + 0.3 32.8 + 0.2 
3V. | 28.4 + 0.3 33.0 + 0.3 32.6 + 0.2 


*) As described in our previous paper [2] the code numbers of the samples 
are as follows: the figure always indicates the number of times the oxidation has 
been repeated; the letter indicates the type of graphite used viz. H’ is a Mada- 
gascar graphite, X is a graphite E.D.M. and V is a graphite 5 40. 
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From this table it is evident that only thoroughly washing of the HJ 
reduced product in the manner described gives the same results for the 
different samples. These results are moreover in good agreement with 
those of the TiCl, reduction. 

The higher results of the thoroughly washed samples are not due to 
oxidation of the concentrated KJ solution by oxygen of the air during 
this treatment. An analysis of the samples of the first experiments by 
the method of ScHépERL [16] showed that these samples contained 
20-30 % Jy. Analogous difficulties were met by RuEDoRFF and SCHULZE 
[17] and by Rugeporrr and ZELLER [18] in analysing potassium graphite 
and AICl,-graphite compounds. 

Maree: the increasing content of iodine occluded by the various 
samples of graphitic oxide corresponds, as will be shown in our next 
paper, with increasing crystallite size of the samples. 

Elementary analyses (C-H) were carried out with all samples of reduced 
graphitic oxide which had been dried in vacuo above P,O; at room 
temperature. The oxygen content was found by subtraction. The results 
of these analyses are summarized in table II. 


TABLE II 
Sample of as e | = 
graphitic SAS ) 8 C Of EL % O | %J | seme ate 
oxide ; | | | 
3 H’ HJ 81.8 | 0.88 15.0 | 23 C.0, i. 
i 83.3 | 0.97 15.7 _ 6,0) Hes 
5 H’ HJ 81.7 0.94 15.2 22 | CO, Hi» 
TiCl, 84.3 0.90 14.8 — | 0. 
3V HJ 81.6 0.86 6.6 | Sh iy Oe ee 
TiCl, 83.0 0.90 ist’ fj ° = | CA, es 
4 HJ 82.6 0.89 144 | 21 | CiOosHos 
Ticl, 83.1 0.99 15.9 | | etl s 


It was tried further to determine the oxygen content of the reduced 
samples according to the method of Scnirzr [19] and UnrErzaucHEer 
[20]. Even after prolonged heating at 1120°C only a small fraction of 
the calculated oxygen content was found. This shows that the oxygen 
which cannot react with HJ or TiCl, is also very resistent to thermal 
treatment. 

The results of table II are averages of four determinations each; 
view of the possible errors in these analyses we can say that the ee 
composition of graphitic oxide reduced in the manner described above 
is, C0) Hy >: 

The same samples of graphitic oxide were reduced with HJ and TiCl, 
at room temperature in ampouls; careful precautions have been taken to 
secure the removal of air from the flasks by means of CO,. 


Of all samples reduced at room temperature C-H analyses were carried 
out. See table ITT. 
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TABLE III 
ee 
Sample of meq. oxidized | Analysis of the reduced sample 
eremiiie || Reducing | = as 
graphitic | = per g of | ee 
oxide agent rs eel cone ar o/ o/ ruto 
graphitic oxide| %C | % H | % J 60 composition 
SS ee ee eee ee ee eee 
3H’ | HS 32.4 SEO 039 Zell ool C.On el, 5 
TiCl, 32.8 SA 0-92. 4 Fial49))| CO, Ho 
5 H’ | HJ 32.8 Sit | 0.95} 19" | 1578) C,07,H., 
TiCl, | 32.2 83:1 | 0:90 |= | 16.0 | C,0, (Hy. 
a HJ 33.0 BAO 0.907 22.2 U5. 0: | 'C-O, Ea. 
TiCl, 32.4 82.8 | 0.95 | == | 16.2 | ©,0,,Hy. 
3 xX HJ 32.7 82.6 | 0.96 | 1.8 | 14.6 | C,0,..H,, 
TiCl, 33.0 | 82.07) 0:99 | = | 16.0) C,O, Hy 


From table III we see that the average number of meq. oxidized per 
gram of graphitic oxide is 32.7 + 0.3 meq.: moreover the average compo- 
sition of the reduced samples is C,0, 9H». The agreements with the 
results of the reductions at 55°C is good, suggesting that there is no 
induced decomposition of graphitic oxide at this temperature. 

The unit weight of C,0,H, is 150; so per unit C,0,H,: 32.7 [Far = 4.9 
meq. of oxygen are available. 

The reduction of graphitic oxide with NaJ in acetic anhydride was 
investigated both at room temperature and at 55°C with the same 
samples of graphitic oxide. A good agreement between the results of 
these experiments were obtained. The results of the reductions at 55° C 
are summarized in table IV. 


TABLE IV 
a a A SS 
Sample of | meq J, per g | Analysis of the reduced samples 
| t 2 C. 
graphitic graphitic eeate 
oxide | oxide | %€ Or EL ond YS frie ae 
——_—— 
3H’ 29.3 78.2 0.91 1.8 19.1 CoOw Haw 
5 H’ 29.1 78.0 0.84 2. 19.1 C.0;,H.. 
3 V 29.6 HU 0.92 2.1 ig), 1h (CHO) alan a 
3X | 28.9 78.5 Ooo 5 ee 18.4 CO ery 


We found with this reduction only 4.4 meq. of available oxygen per 
unit C,0,H,. It was supposed that the reduction was partly hindered by 
acetylation of the groups to be reduced. Therefore we investigated the 
acetylation of graphitic oxide and the reduction of acetylated graphitic 
oxide. The following results were obtained: all samples 3 H’, 5 H’, 3 V 
and 3 X were acetylated in charges of 1 gram of graphitic oxide. We found 
5.1, 5.2, 5.4 and 5.1 meq. acetyl per gram acetylated graphitic oxide. 
A part of the acetylated sample 3 H’ was acetylated during a further 
week and again 5.2 meq. acetyl were found per gram acetylated graphitic 
oxide. The average acetyl content is 5.2 meq. per gram acetylated product; 
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this seems to be the maximum number of groups in graphitic oxide which 
can be acetylated. 

If we suppose that there are x acetyl groups per “anit C,0,H,” and 
that these acetylated groups were originally OH groups, then the bruto 
formula of the acetylated product can be written as: C,0,(OH),_,(OCOCHS),.. 
The unit weight of this product is 150 +42”. One gram of the acetylated 
product contains =~“ units which give after saponification 5.2 meq. 
acetyl; from this it follows: wr = 5.2 or «=1.0. There seems thus 
to be only one OH group per unit which can be acetylated. 

These results were in agreement with the elementary analysis of some 


acetylated products as is shown below: 


% © % % O 
i ale 56.0 2.10 41.9 
3X 56.5 2.05 41.5 
ay! 56.2 2.04 41.8 
Calculated for 
C,(O,;H)(OCOCH,) : 56.25 2.08 41.66 


The reduction with NaJ in acetic anhydride gave with four samples 
of acetylated graphitic oxide the following results: 15.2, 15.5, 15.3 and 
15.6 meq. J, per gram of acetylated product. On the average we find 
thus 24=2.96 meq J, per unit C,(0;H) (OCOCHS). 

This is a most interesting result because it indicates that the blocking 
of one OH group reduces the number of meq J, produced by the reduction 
from about 5 to 3. It is ,however, not conceivable that one OH group 
corresponds on reduction with two meq J, unless during the reduction 
with KJ in 2 n H,SO,. that OH group is present in another form. Further- 
more there must be equilibrium between the two forms. A reasonable 
assumption is the presence of a keto-enol equilibrium according to: 


S\ wN\y s ea as - 
C — C C 
| | \| | 


The keto-form should be present in acid environment while the acetyl- 
ation displaces the equilibrium to the right hand side. As mentioned 
in the introduction, also HOFMANN ef al. have, from other experiments, 
concluded that a keto-enol transition plays a role in graphitic oxide. 

In accordance with the above experiments the following results were 
obtained on reduction of graphitic oxide with NaJ in acetic anhydride 
and subsequent determination of the acetyl content of the reduced 
samples (see table V). 

These experiments were carried out in such a way that no hydrolysis 
of the reduced, partially acetylated samples could occur. 

Again we find 4.4 meq J, meq per unit C,0,H,. There are 5 = 9.3 
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TABLE V 
eEeEQes=_=eseeeeeeeeeeee 
pave of meq J, per g C-H analysis of the reduced product meq acetyl per 
. Aas ok = : 
ater gr cae Bets gram reduced 
oxide oxide % C % % 
ip ve Hose ve aes O composition peaiaalle 
5 H’ ae TBs 1.30 20.6 CAOn lal 2.3 
Oa sok 77.9 | 1.27 | 20.8 | 0,0. 4H. 2.4 
5 : 6 pe soll 20.2 C7O1.4Hy.5 2.4 
29.1 78.5 33 20.2 C-OW Ea, 2.5 


units C701 4Fi4 per gram reduced sample; one such a unit C,0,,H,, 
contains 53 = 0.26 meq acetyl. So the bruto-composition can be written 
as follows: 

C¢.50.9Hy.6(OCOCHS) p06 or C,0, 9H .7(OCOCHS),5. 


This result is in very good agreement with the earlier reduction experi- 
ments for the 0.3 OH group which has been acetylated corresponds with 
0.3 x 2=0.6 meq J,. If there was no acetylation 4.4+0.6=5.0 meq Jp 
should have been found. Both the TiC], and HJ reduction gave 4.9 meq 
J2 per unit C,0,H,. The difference between the values 4.9 and 5.0 seems 
too small to conclude that it is real. However, if it were real it may be 
caused by a slow establishment of the keto-enol equilibrium. 

It appears furthermore from the composition of the products obtained 
by the treatment of graphitic oxide with NaJ in acetic anhydride that 
the hydrogen in the reduced samples is the hydrogen taking part in the 
formation of the enolic OH groups. This may be concluded from the 
fact that the composition of the samples reduced with HJ in 2 n H,SO, is 
C,0,0H,», whereas the samples reduced in acetic anhydride have the 
bruto composition C0, Hy, (apart from the acetylated OH groups). We 
conclude that there are no OH groups present in reduced graphitic oxide. 


6. Conclusions 

We know now with certainty that one OH group, present in C,0,H,, 
can be acetylated. However, this OH group corresponds, on reduction 
with KJ in 2 n H,SO,, with two meq of iodine. The behaviour of this 
group towards acetylation is that of an OH group, whereas on reduction 
it corresponds with a keto C=O group. We are thus led to the assumption 
of a keto-enol equilibrium. The presence of such an equilibrium was 
confirmed by an infrared spectroscopical investigation of graphitic oxide, 
the details of which will be published soon. 

With the knowledge of the presence of a keto-enol equilibrium we are 
now able to specify the bruto formula C,0,H, as follows: 


[C,( = O)(H) ](O,H) = [C,(OH) ](O3H). 


In order to account for the part (O,H) of this formula we can imagine 
the following groups as possibly present in graphitic oxide: 
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—OOH_ : aryl hydroperoxide. 


—O—O~—: di-arylperoxide; graphitic oxide swells e.g. in water; so this 
group, if present, cannot be bound to two adjacent hexagon 
layers. 

= : “chinoic”’ oxygen. 

—O- : an oxygen atom bound to two carbon atoms of the same layer. 
This oxygen atom may be present in the hexagon layers. 

—OH - this group, if present, cannot be acetylated. 

—H : a hydrogen atom bound to the hexagon layers. 


From these possible groups we can make the following combinations 
all having the bruto formula O,H: 


Ae (200 aOR GQ: (=0),(H) 
By (=0-0-—)(=O0K) H; (—O—),(H) 

G& (0202023 K: (—O-—),(OH) 

D; (—OOH)(=0) L: (—O-—),(=0)(H) 
et OL a) M: (—O—)(=0),(H) 
F: (=0),(—OH) N: (—O-)(=0)(—OH) 


In any case reduction with HJ must correspond with 3 meq J, and 
furthermore only one oxygen atom is allowed to resist reduction. 

In the cases A, B and ’C total reduction of a C-~-O—O—C group 
according to 


—C—O-—O-C + 2HJ > —C—OH + HO-C + 2d 
2—C—OH + 2HJ ~2C+42H,0 + 2J 
corresponds with 4 meq iodine. The conclusion in view of the fact that 


in all only 3 meq J, are formed the total reduction of the (~OQ—O-—) 
group is excluded. 


(1) 


Only if the reduction goes according to: 
C—O-—O-C + HJ > —C=0 + —C-—OH + J 
—C—OH + HJ +C+ H,0 + J 


(2) 


we have 2 meq J, plus a (=O) group which has not been reduced. Together 
with the one meq J, obtained by the reduction of an OH group we would 
then obtain the required number of 3 meq Jy per unit. This possibility 
exists in case A but not in the cases B and C. The latter two cases are 
therefore ruled out. 

The total reduction of an —OOH group (cases D and £) results in 
3 meq Jy. The cases D and EF do not cancel if the (=O) and the (—O—) 
group respectively resist reduction. 

Case F is possible if only one (=O) group and the OH group are 
reduced and case G cancels as at least two (=O) groups would have to 
be reduced resulting in the formation of 4 meq of J, instead of the 
required 3 meq. Another reason why not only case G but also the cases 
B, C, H, L and M are ruled out is the fact that in all these cases a 
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hydrogen atom occurs, which is excluded because the one hydrogen atom 
occurring in the reduced graphitic oxide is already accounted for by 
the presence of the enolic OH group in equilibrium with the keto group. 
The reduction of these groups in an acid medium displaces this equi- 
librium to the keto side leaving a hydrogen atom in the reduced product. 

Eventually we have only the cases A, D, EH, F, K and N which are in 
accordance with the results of the different reduction experiments de- 
scribed above. In a subsequent article it will be shown that the infrared 
analysis rules out the cases D, F, N, so that only the cases A, E and K 
remain as representing the functional groups. Between these cases a 
choice may be possible on the basis of the chemical properties of 
graphitic oxide. 
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PHYSICAL CHEMISTRY 


THE LIQUID-PHASE OXIDATION OF CUMENE 
BY GASEOUS OXYGEN, CATALYSED BY METALLIC COPPER 


BY 


J. H. DE BOER, J. P. FORTUIN *) anp H. I. WATERMAN 


(Communicated at the meeting of May 31, 1958) 


SUMMARY 

Metallic copper has proved to be a catalyst for the oxidation of iso- 
propylbenzene. No induction period—as in the autoxidation reaction — 
is observed and high yields of the hydroperoxide are obtained. 

A mechanism is suggested according to which oxygen is molecularly 
chemisorbed on the catalyst-surface, forming a complex with a free 
radical character. This complex is suggested to form hydrocarbon radicals 
from the hydrocarbon molecules, then starting the normal propagating 
reaction sequence. 


I. Iyrropvuction 


The reactions occurring during liquid-phase autoxidation of aromatic 
hydrocarbons have been studied for various molecules such as ethyl- 
benzene [1] and tetralin [2]. Oxygen attacks these hydrocarbons at the 
«-C atom adjacent to the phenyl group with the formation of a hydro- 
peroxide as the first product. For these oxidations a free radical chain 
mechanism has been proposed, in which the propagating steps are: 


(1) R: +0, > ROO: 
(2) ROO: + RH > ROOH+R: 


Soluble metal salts, such as the naphthenates or stearates of the 
transition metals, i.e. cobalt, manganese, copper etc., are well-known 
catalysts for such oxidations. These catalysts, however, have the draw- 
back of catalysing not only the formation of the hydroperoxide, but also, 
even preferably, its subsequent decomposition. Alcohols, aldehydes or 
ketones are then formed as the main products. For the preparation of 
hydroperoxides by hydrocarbon autoxidation homogeneous catalysis is 
therefore generally not very suitable. 

The autoxidation of alkylbenzenes has been found to be catalysed by 
metallic copper and silver. High yields of hydroperoxides could be obtained, 
as the metals did not promote hydroperoxide decomposition [3]. 

*) Present address: Koninklijke/Shell-Laboratorium, Amsterdam (N.V. De 
Bataafsche Petroleum Maatschappij). 
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In the present paper the copper catalysed autoxidation of cumene 
(isopropylbenzene) is discussed. A mechanism is proposed for explaining 
the heterogeneous catalysis. 


II. Liquip-PHASE AUTOXIDATION OF CUMENE 


Our investigation into the liquid-phase autoxidation of cumene has 
already been mainly described in preceding papers [3, 4]. 

To obtain reasonable reaction rates the oxidation should be carried 
out with cumene in which no inhibitors are present. A chemical purifi- 
cation of the hydrocarbon, involving a treatment with concentrated 
sulphuric acid and aqueous mercuric acetate solution, was employed. 

In a pyrex glass apparatus the oxidation of cumene is characterized 
by the occurrence of an induction period. After a certain hydroperoxide 
concentration has been built up in the liquid, a constant maximum oxi- 
dation rate is attained. No such induction period was observed when the 
oxidation was carried out in a copper vessel at 120°C (Fig. 1). 


CUMENE HYDROPEROXIDE PYREX 
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Fig. 1. Autoxidation of cumene at 120° C. 
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From the slope of the curves a maximum rate at 120° C of 11.6 %-w. 
of cumene hydroperoxide formed per hour can be calculated for the copper 
reactor, against 8.1 °%-w. of cumene hydroperoxide formed per hour in 
the pyrex reactor. 

The rates of cumene hydroperoxide formation were also compared by 
using three identical reactors made of copper, brass and stainless steel. 
Under the same conditions of reaction the rates compared as follows: 


in copper 22.3; in brass 17.2; in stainless steel 4.1. 
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The copper reactor gave very high yields of cumene hydroperoxide. 
The yield, calculated on converted oxygen, was computed from the 
hydroperoxide content and the total oxygen content of the liquid. 


TABLE 1 
Hydroperoxide yield of two cumene oxidations with oxygen at 120°C 
ee 
| Final hydroperoxide Yield on converted 
| 


concentration, %-w. oxygen, % 
The main by-product formed during the oxidation in the pyrex reactor 
was found to be the tertiary alcohol «, «’-dimethylphenylcarbinol. 
The catalytic effect of copper was only observed when the reactor 
wall was very clean. Before each experiment the inner surface of the 
reactor was therefore rinsed with fuming nitric acid (spec. gravity 1.52), 
then washed with water and dried. The vessel was then filled with cumene, 


Reaction period, 
Reactor 


hours 


heated to the desired reaction temperature, whereupon oxygen or air 
was bubbled through. 

The oxidation rate was notably affected when a reaction was repeated 
in a reactor which had not been cleaned again. In a copper reactor, of 
which the wall had been cleaned by the usual treatment with nitric 
acid, the rate of hydroperoxide formation under certain conditions was 
found to be 15.4 %-w. of cumene hydroperoxide. After the oxidation 
the reactor was emptied and exposed to the air at room temperature 
for some minutes. A new experiment was then carried out in the uncleaned 
vessel under exactly the same conditions as in the first experiment. The 
rate of formation was now found to be 9.4 °4-w. of cumene hydroperoxide. 
After a treatment of the wall with nitric acid the initial rate of reaction 
was restored. 

No such decrease in the rate was observed when an experiment was 
carried out continuously for a longer time; this indicates that during the 
oxidation no inhibitors are formed which influence the rate unfavourably. 
Apparently the structure of the copper wall is changed unfavourably by 
exposing it to the air after an oxidation reaction has taken place. 


Ill. Discusston 
A. Competition of cumene with the metal surface for oxygen 


The reaction of gaseous oxygen with liquid cumene is normally catalysed 
by radicals which are formed as primary decomposition products of 
cumene hydroperoxide (autocatalysis, autoxidation; induction period). 
The above mentioned experiments and many other experiments on the 
oxidation of cumene, carried out with metallic copper and also with 
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metallic silver, indicate that the induction period of the autoxidation of 
cumene is not observed in these cases, whereas higher rates of oxidation 
are observed and high yields are obtained [3, 4]. It seems as if metallic 
copper or silver produce an additional, direct, catalytic effect in this 
oxidation reaction. 

When oxygen molecules strike a metallic wall, an oxidation of the 
metal sets in, which is mostly not restricted to the surface only. If, at 
the same time, an oxidizable material is present this material and the 
metal surface may compete, as is most strikingly described by Van CLEAVE 
and Ripuat [5], who studied the oxidation of hydrogen by oxygen, on a 
copper surface. The gases are, in their case, consumed in a ratio 1: 1, 
water being formed and cuprous oxide: 


[Cu]+H,+0, — [Cu]Cu,0 + H,O 


The cuprous oxide layer, formed on the copper surface, grows gradually 
whilst the reaction proceeds. 


In our experiments, the initial copper surface, cleaned by nitric acid, 
is certainly not free from adsorbed oxygen or from a thin oxide layer. 
During the catalytic oxidation of cumene on this surface, there is no 
additional oxidation of the copper, as is indicated by the high yield of 
conversion of oxygen into cumene hydroperoxide (table I). Apparently, the 
rate of oxidation of cumene at 120° C on a nitric acid cleaned copper surface 
is high enough to prevent oxygen from reacting with the copper. Special 
experiments showed that the initial high rate of oxidation of cumene keeps 
constant for several hours. At 130° C, in the same reactor, however, the 
initial rate of formation of cumene hydroperoxide is appreciably higher 
than at 120°C, but the reaction of oxygen with cumene slows down and 
after one hour’s run the rate is lower [4] than the constant one at 120° C, 
It is quite possible that in this case a simultaneous oxidation of copper 
takes place. This point has not yet been investigated. 

If, at 120° C, the steady rate of oxidation is interrupted and the vessel 
is emptied and the metal exposed to air, a renewed filling does not show 
the high catalytic effect of the copper, as if the copper is poisened, also 
here. A renewed cleaning with fuming nitric acid, restores the catalytic 


activity. 


B. A suggested mechanism for the catalytic action 


Apparently the oxygen does not react in the form of chemisorbed 
atoms: the formation of a hydroperoxide could hardly be understood if 
this were the case. It is likely that the first step in the adsorption of 
oxygen on a metal surface consists of a molecular adsorption [6]. It may 
be that the oxygen molecule is first bound by Van der Waal’s adsorption 
forces, but it is not unlikely that, at the appropriate temperatures, a 
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molecular chemisorption follows immediately. We may well assume that, 
tozbegin with, one*electron is taken up from the metal, or the semi- 
conductive oxide layer, and that the first chemisorbed entity consists of 
O; ions [7]. Such singly negative?molecular ions have a radical character 
and may, therefore, react with the cumene molecules which are present: 


(3) [CujO>°+RH > [CuJO;H+R:° 


Cumene radicals thus being formed, the normal propagating steps (1) and 
(2) mentioned in the introduction of this article, can carry on. 

It is quite possible that the energy levels operative in this first step of 
chemisorption of oxygen on copper or on silver are such that the chemi- 
sorption of the O; ions is slightly endothermic [8]; at the given temper- 
ature and at the given concentrations, however, a sufficiently large number 
of these species will be formed to initiate the oxidation reaction. 


C. The high yields of hydroperoxide 

In the normal autocatalytic oxidation the propagating chain reactions 
are initiated by radicals formed by a thermal decomposition of some 
hydroperoxide which is present (or added): 


(4) ROOH -> RO: +-OH 
(5) | RO-+RH > ROH+R- 


Reaction (5) gives rise to the formation of an alcohol, in the case of 
cumene this being the tertiary alcohol «, «’-dimethylphenylearbinol. The 
isolation of this alcohol in our experiments with a pyrex reactor and 
the fact that oxidation in pyrex gave a considerably lower yield of hydro- 
peroxide than oxidation in a copper vessel support the suggested mecha- 
nism. Reaction (3) and its possible subsequent reactions: 


(6) [CuJO; H — [Cu]+-0O,H 
(7) ‘O,H + RH — H,0,+R: 
do not give rise to the formation of an alcohol. ° 


It is remarkable that metallic copper and silver (and the thin oxide 
layers on their surfaces) cause high yields of cumene hydroperoxide to be 
formed, thus catalysing the formation of hydroperoxides. Heavy metal 
ions catalyse the decomposition of them. In the presence of heavy metal 
ions, therefore, the total oxidation is catalysed very well, the net result, 
however, is the formation of decomposition products of the originally 
formed hydroperoxides [9]. As shown by Wrpaur and Srrana [10] 
cobalt ions do not catalyse the formation of hydroperoxide, at least not 
in a hydrocarbon medium. 
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MECHANICS 


NON-ISOTHERMAL PLASTIC DEFORMATION *) 
BY 


WILLIAM PRAGER 


(Communicated by Prof. C. B. Brezeno at the meeting of January 25, 1958) 


Summary 

The paper presents a theory of non-isothermal deformation of rigid, work- 
hardening solids. The proposed constitutive law contains an unspecified function 
of temperature, stress, strain, and strain history, thus leaving ample room for the 
incorporation of empirical evidence. A typical boundary value problem is formulated, 
and the uniqueness of its solution is discussed. 


1. Introduction 


In structural metals that are stressed at elevated temperatures, the 
total strain may be considered as the sum of thermal, elastic, viscous, 
and plastic components. Whereas the thermal and elastic strains are 
reversible and depend only on the instantaneous temperature and stress, 
the viscous and plastic strains are permanent and depend on the history 
of temperature and stress. In a single-service structure such as a rocket 
shell, considerable permanent strains, which far exceed the reversible 
strains, may often be tolerated without loss in performance. Furthermore, 
under high stresses of short duration, the viscous strain (creep), which 
requires time for its development, may be negligible in comparison with 
the plastic strain, which represents the immediate irreversible response 
to the applied loads and temperatures. In these circumstances, a theory 
of non-isothermal plastic deformation of rigid, work-hardening solids 
may be an adequate tool of analysis. Such a theory is presented in the 
following. In the development of its constitutive law (Sects. 2 and 3), 
no attempt has been made at complete generality, because this would 
only lead to unworkable mathematics. On the other hand, the proposed 
law involves an unspecified function of temperature, stress, strain, and 
strain history and thus leaves ample room for the incorporation of 
empirical evidence. Questions of uniqueness are discussed in Sect. 4. 


2. Constitutive law 


In the following, Latin subscripts take the range of values 1, 2 and 3. 
The summation convention of tensor calculus is used: a monomial in 


*) The results presented in this report were obtained in the course of research 
conducted under Contract Nonr-562(20) between the Office of Naval Research and 
Brown University. 
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which the same Latin subscript occurs twice stands for the sum of the 
terms obtained by successively giving the values 1, 2 and 3 to this 
subscript. The coordinates x, are rectangular and Cartesian, and different- 
iation with respect to x; is indicated by a comma subscript followed 
by the subscript 7. The temperature, and the tensors of stress and strain 
are denoted by 6, o;;, and ¢,;, and their time rates by 6, ¢,,, and é,,. 

Consider a rigid, work-hardening solid with a constitutive law of the 
following type: infinitesimal changes of temperature and stress, applied 
when the solid is in a given state, produce a unique infinitesimal change 
of strain that is independent of the speed with which these changes are 
effected. This means that the constitutive law is homogeneous of the 
order one in 6, ;;, and é;;, and involves in addition to these rates only 
the variables characterizing the instantaneous state of the solid. 

Regarding these state variables, the assumption will be made the state 
is specified by the instantaneous temperature, stress, and strain, and 
the integral invariant 


t 
(1) a= fo; é,;dt, 
0 


where the integration is extended over the time interval that has elapsed 
since the solid left its virgin state at t=0. Note that « is a non-decreasing 
function of time, since «=o;;é;; is non-negative because it represents the 
rate at which mechanical energy is dissipated in the rigid, plastic solid. 

A state will be called rigid, if the strain rate vanishes for all rates of 
temperature and stress applied in this state. On the other hand, if there 
are rates of temperature and stress that produce a non-vanishing strain 
rate, the considered state will be called plastic. It will be assumed that 
there exists a function of the state variables, f(0, 0;,, ¢;;,«) such that 
{<0 for all rigid states and f=0 for all plastic states, while no state can 
be assumed by the solid that would render f positive. The yield function 
f will be supposed to be continuously differentiable with respect to the 
state variables. 

Though the tensors of stress and strain are known to be symmetric, 
the discussion of constitutive laws is greatly simplified when symmetric 
components such as oy and o,, are formally treated as independent 
variables. Of course, only such yield functions should be considered that 
involve symmetric components in a symmetric manner. 

For given values of the temperature, the strain components, and the 
integral invariant «, the equation f=0 represents a hypersurface in the 
nine-dimensional stress space with the rectangular Cartesian coordinates 
o,;. The points of this yield surface represent those states of stress under 
which further plastic deformation can occur at the given temperature. 

The inclusion of « in the state variables is motivated by the following 
consideration. If the state were specified by temperature, stress, and strain 
alone, the yield surface would assume the same shape whenever the 
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solid returns to the same temperature and strain after a cycle of temper- 
ature and plastic deformation, and the subsequent behavior of the solid 
would in no way indicate that such a cycle had taken place. The mono- 
tonically increasing invariant «, on the other hand, provides an ineradi- 
cable record of such a cycle. 

When the solid is in a plastic state, given infinitesimal changes of 
temperature and stress, 6dt and 4,,dt, lead to a uniquely determined 
neighboring state, which is rigid or plastic according to whether f is 
negative or zero. If f<0, the changes of temperature and stress constitute 
unloading from the considered plastic state, and é;, and hence a=o;,é;; 
vanish. Since 

ee aioe ef ke 
(2) {= 0% wy + (- + = oy) Ej 
is negative and é,,=0 in this case, we have 


(3) fos), Ore. na = {): 


if the state variables and the rates of temperature and stress correspond 
to unloading from a plastic state. 

The vanishing f does not necessarily imply a non-vanishing strain rate. 
For instance, some components of stress may be lowered while others 
are raised at constant temperature in such a manner that the solid 
remains in a plastic state without undergoing deformation. Such a change 
from one plastic state to another that is not accompanied by any defor- 
mation is called a neutral change of state. An argument similar to that 
leading to (3) shows that 


be ar | aoe 


if the state variables and the rates of temperature and stress correspond 
to a neutral change of state. 
If, finally, 


(5) fa0,5 20 at age 


the state variables and the rates of temperature and stress are said to 
correspond to plastic loading. Since f is zero and cannot become positive, 
f cannot be positive. If therefore follows from (2) and (5) that plastic 
loading must produce a non-vanishing strain rate. 

It has already been stated that the desired constitutive law is homo- 
geneous of the order one in the rates of temperature, stress, and strain. 


This requirement and the preceding discussion suggest the following 
expressions: 


(Off <0, 


8) es lay [aot 5 x in] if f= 0, 


9 
where the tensor A,;,; depends on the state variables and 


Bee Oh tier ag 0): 
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For isothermal changes of state, constitutive laws for work-hardening 
solids have been repeatedly discussed in the literature (see, for instance, 


[1]*), [2], [8]), and it is generally accepted that 6,;€,; Should be positive 

for isothermal plastic loading (6=0,~ 6,50). This condition may be 
ij 

fulfilled by setting 

: to 

(8) = eae 

where D is a positive invariant of the state variables. With the substi- 

tution of (8) into (6), the constitutive law assumes the form 


(0 ify =< 0; 
(9) ese ef oye ea 
(a sen [o+ Soy On| if f = 0. 


The invariant D in the second line of (8) can be determined by sub- 
stituting this expression for é,; into (2) and setting f=0. This furnishes 


(10) D=-( + %a,) 


0 Ei ox dai" 


As no mechanical energy can be stored in a rigid, plastic solid, the 
function f must be such that o;,é;,>0 whenever é,,40. Since the square 
bracket in (9) is positive in this case, this condition requires that 


of 


nage O when f=0. 


(11) o 
The derivatives df/d0,, are proportional to the direction cosines of the 
exterior normal of the yield surface f=0 at the point with the coordinates 
o,;. The condition (11) therefore requires the yield surface to be convex 
with respect to the origin of stress space. 

The function f is further restricted by the condition that D as given 
by (10) must be positive whenever f=0. In view of (11) this condition 
is fulfilled if 


of of of = 
(12) Sea 0 and 3 when f=0. 


Note that the conditions (12) may be relaxed by replacing one of the 
strict inequality signs by the sign <. 


3. Special constitutive laws 
An important special case arises when the yield function is independent 


1) Numbers in square brackets refer to the Bibliography at the end of the paper. 
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of x while temperature and stress appear only in a combination of the 


form 
(13) T= F4,9(9), 


which will be called the effective stress. The constitutive law then 
reduces to 
Oat fox, 


oe a > on ea iw | (50 el a ei 


Except for the fact that the effective stress is used in place of the stress, 
(14) agrees with a law this writer derived in an earlier paper [2] for iso- 
thermal plastic deformation. 

The function f in (14) is, of course, restricted by the conditions that the 
yield surface must always be convex with respect to the origin of stress 
space and that the first inequality in (12) must be satisfied. The latter 
condition is fulfilled if the effective stress and the strain appear in f 
only in the combination 1,;—ce;;, where c>0 is constant. This means 
that the effect of work-hardening is represented in stress space by a 
translation of the yield surface, the common displacement vector of all 
points of this surface being ce,;,. For sufficiently small values of this 
displacement, the condition that the yield surface must be convex with 
respect to the origin will then be fulfilled if the yield surface for the 
virgin state is convex. 

As an example, consider the yield function 


where k is a constant, and 
(16) Tis = Tig — $US 


is the deviation of the effective stress, 6,; being the Kronecker delta. 
The relations (14) then assume the form 
(0 iy < 0, 
(17) Ey avs u , , 7 . 
( Tops (Tis — C8is) [Tea — C€xa) Tea if f=0. 


The constitutive law (17) defines a solid that is isotropic in the virgin 
state but becomes anisotropic as it deforms. For the constitutive law 
to be isotropic, the yield function must involve only individual invariants 
of stress and strain but not joint invariants such as o Consider, for 
instance, the yield function 


(18) f= ty ty — 2k(k+ cx), 


age ij 


where r,, is the deviation of the effective stress, « is the integral invariant 
(1), and ¢ and k are constants. This function satisfies the conditions (11) 


Isl 


and (12), provided the strict inequality sign in the first condition (12) 
is replaced by <. According to (9) and (10), the constitutive law obtained 
from the yield function (18) is 


Oxf 0) 
(19) é, = : oe 
a eaal Tj [tat] if f = 0, 


where g=g(6) is the function appearing in the definition of the effective 
stress (Eq. 13). 


4. Uniqueness 


It is worth noting, that the type of constitutive law that has been 
discussed above causes the following boundary value problem to have a 
unique solution: given the instantaneous state and the rate of change 
of temperature throughout a rigid, work-hardening solid, the velocity 
U,; on the part S,, of its surface S, and the rate of surface traction 7, 
on the remainder S,, of S, to determine the strain rate field é,, throughout V. 

To establish the uniqueness of the strain rate field, assume that there 
exist distinct strain rate fields é, and é,, which, together with the corre- 
sponding stress rate fields ¢,, and ¢,., satisfy all conditions of the problem. 
For each of the two solutions, this means that throughout V the stress 
rate satisfies the equation of equilibrium, while the strain rate is derived 
from a velocity field and related to the stress rate by means of the consti- 
tutive law (9), where D as given by (10) is positive and f satisfies (11); 
moreover, the velocity field must satisfy the boundary condition on S, 
and the stress field that on S,. 

Let w%, and z; be the velocity fields yielding the strain rate fields é, 
and é,. From the conditions that w;=1;=U, on S,, and 6,n;=6,n,=T; 
on S,,, being the unit exterior normal to S, it follows that 


(20) f (6—46)) (4-4) 4, dS= 0. 


The surface integral (20) can be transformed into a volume integral by 
means of the divergence theorem; thus 


(21) Neg oy) epoca le 0. 
The integrand in (21) will be denoted by /. Where f <0, the constitutive 


law (9) furnishes é,=é,—0 and hence J=0. Where f=0, 


1 of -// of of A of -/ of ‘) Me “I 
(22) T= 5 (Gj Gy) Te | sp 0+ x, ou | = [55+ x, ou || 


Denoting the contents of the square brackets in (22) by a’ and a", consider 
the following cases: 
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1) a’>0,a">0: as the square brackets can then be omitted, the 
terms with @ cancel and J reduces to 


(23) (ee 
“ P sae oe ayy o¥ tt 
which is positive unless 6,,df/d0,;=6,,df/d0,; and hence é,=é;,; 


2) a’>0,a"<0: from the signs of a’ and a” it follows that 


ea ae 
toy = 305 * Fay 8 


and hence I[>0; 
3) a’<0,a">0: here, too, [>0; 
(rad 


4) a’ <0,0"<0; I=) and 2=—2,=0, 


As the integrand is seen to be non-negative, the integral (21) can only 
vanish when the integrand vanishes identically. The preceding discussion 
shows, however, that é,=é, whenever J = 0. This establishes the uniqueness 
of the strain rate field. Note that this uniqueness does not imply that 
of the stress rate field. This remark is of course trivial as far as the rigid 
region is concerned; the discussion of Case 1, however, indicates that 
even in the plastically deforming region only the scalar ¢,,df/d0,; is unique 
but not the individual component of the stress rate. As Hix [4] has 
remarked in his discussion of the isothermal case, the uniqueness of 
G,;0f/d0;; suffices to establish the uniqueness of f[ é,,n;U,dS,. 


aed 


(Brown University) 
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ORGANIC CHEMISTRY 


THE MECHANISM OF THE WOHL-ZIEGLER REACTION 
BY 


F. L. J. SEXMA anv R. H. RIEM 


(Communicated by Prof. J. P. Wirsaut at the meeting of February 22, 1958) 


1. Introduction 


The direct introduction of a halogen atom in the allyl position of an 
olefin by means of N-bromoacetamide was discovered by Wout [1] in 
1919. During the next twenty-three years very few examples of this 
reaction were reported [2]. It was only in 1942 that the important pre- 
parative aspects of this reaction were appreciated by ZrEGLER and his 
co-workers [3], who after extensive researches introduced N-bromo- 
succinimide as a brominating agent which substituted unsaturated 
compounds in the a-methylenic (or allyl) position, but did not attack 
the double bond. 


O O = 
CH= c CuO 
l \ NBr + —CH=CH—CH,— = | \ NH + —CH= CH—C 
CHI Cx THC. i. 
\ if 
O O 


Since then this reagent has found very wide application in synthetic 
organic chemistry, as may be demonstrated by the number of publications 
(125) referred to in a review of this reaction by Dsrrasst [4] in 1948, 
only five years after the initial paper of ZIEGLER et al. 

The scope of the reaction has been extended by the discovery of the 
catalytic influence of peroxides, etc. [5] and of light [6], successful 
chlorinations with N-chlorosuccinimide being reported by several workers 


bet, 7 |. 


2. The mechanism of the Wohl-Ziegler reaction 


Most workers [8] favoured a free-radical mechanism for the Wohl- 
Ziegler reaction. Such a mechanism is suggested by the peroxide catalysis, 
by the influence of light and by the observation that other reagents, 
generally believed to react through free radicals, attack many olefinic 
compounds in the same position as does N-bromosuccinimide. BLOOMFIELD 
[9] formulated the reaction as a chain mechanism proceeding through 
a succinimyl radical (S-) formed by thermal dissociation: 
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S_Br<-> Ss + Br- 


H 
—CH,—CH =CH—--+- 5+ > SH + C—CH =CE. 
; l 
H ( ) 
—CH—CH=Ch— “ sBr— Bs + SO ae 
; Br 


Ropertson and Warers [10] found a confirmation for the homolytic 
dissociation of N-bromosuccinimide in a study of the catalytic influence 
which this reagent exerts on the autoxidation of tetralin. 

A rather different mechanism was recently formulated by ApDam, 
GossELAInN and GoLpFINGER [11] in connexion with their investigation 
of the side-chain chlorination of toluene by N-chlorosuccinimide. In the 
initial stages of the reaction (induction period) HCl is formed, which 
gives molecular chlorine with the N-chlorosuccinimide: 


HCl + S—Cl = S—H-+ Cl, (2) 


For the main substitution reaction chlorination with molecular chlorine 
via a chain mechanism was postulated: 


ks 
+, + BG 4. Ge 3 
substitution ¢ n e . . 
Cl. + RH HCl + R- (4) 


The specific substitution action of the haloimides is ascribed by these 
authors to their capacity of providing through reaction (2) a very low 
concentration of molecular halogen. At low halogen concentration sub- 
stitution will be favoured in comparison with addition to the double 
bond as a result of the reversibility of reaction (5): 


j ks \ 
\ cl. +>C=C¢ =al3ce-C< (5) 
addition ks 
/ cl5c—C¢ + G4, > 1 >co—cCa4 a. (6) 
. e Ke : : 


For the ratio between the substitution and the addition reaction the 
following formula has been derived: 


Usubst. = ky [ ks ] 
deme Nels, = Re 


» In a recent review WaALLING [12] states that the (unpublished) data 
of H. J. Dausen and his collaborators render the suggestion of ADAM 
et al. untenable. 

Although the arguments of the Belgian workers appeared quite plausi- 
ble, their postulated mechanism seemed very much in need of experimental 
confirmation, because conclusions drawn from it appeared to be in conflict 
with part of the available experimental results. 
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3. Competitive bromination of toluene and p-nitrotoluene 


KooyMan and co-workers [13, 14] have studied the side-chain halogena- 
tion of substituted toluenes by several halogenating reagents. They 
established the fact that substituents in the benzene nucleus have a 
considerable influence on the rate of attack of radicals on the methyl 
group. The results can be correlated by the Hammett equation: 


log (ieee eee tottiena) OS Q. 


The attacking free radicals show different susceptibilities towards the 
influence of substituents, the succinimyl radical being more selective than 
either Cl- or Br-. This effect is reflected by the different o-values found 
by Kooyman et al.: 


oq. = — 1.5 (from the reaction with SO,Cl,) 
os. = — 1.55 (from the reaction with N-bromosuccinimide) 
opr. = — 1.05 (from photobromination experiments) 


It is generally assumed that in photobromination free bromine atoms 
play a part. In a competitive experiment the ratio between the bromination 
rates of two compounds (R,H and R,H) is determined by the rates of 
the reactions: 


Br. + R,—H ~ H—Br + R,: (7) 
Br» + R,—H > H—Br + R,: (8) 


If the halogenation of toluenes by N-bromosuccinimide occurs via 
the reactions postulated by the Belgian investigators, the ratio between 
the rates of substitution should also be determined by reactions 7 and 8. 
In this case the influence of substituents on the relative rate of reaction 
should be the same as on the relative rate of photobromination. 

If the halogenation by N-bromosuccinimide follows BLOOMFIELD’s 
mechanism, the ratio of the rates of substitution is determined by: 

Via; Sey Se Rear Bie 


(S. + R,H > S—H + R,- 


In this case the influence of substituents on this ratio might therefore 
be quite different from that found for the photobromination reaction. 

The above o-values clearly favour BLOOMFIELD’s mechanism, implying 
attack by a succinimyl radical. However, in view of the rather wide 
scatter of the experimental points in the graph given by Kooyman 
et al. [14], we decided to examine this point in more detail. Competitive 
brominations of toluene and paranitrotoluene were performed at 80° in 
carbon tetrachloride solution. The reaction products were carefully 
analysed and the results were expressed as K=log (1—a)/log (1—b), 
where a = fraction of paranitrotoluene converted into nitrobenzyl bromide, 
b = fraction of toluene converted into benzyl bromide. 
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as “l 
Rs ee hee Photobromination 
: romosucciniml e at 80° in CCl, 

at 80° in CCl, 
ee eed 


\ ee OMG 0.11, 

our results . oe 0.11, | 0.12, 
( 0.10, 

results of KooyMAN et al. | 0.05 OSE 


Our results seem to invalidate an important argument against the 


mechanism suggested by AbDAm et al. 


4. Allyl substitution with molecular bromine 

It is known that under certain circumstances, particularly at high 
temperatures, the direct chlorination of propene and isobutene leads to 
substitution in the allyl position rather than to addition of halogen to 
the double bond [15]; however, so far only the bromosuccinimide method 
has been successful for more complicated molecules. 

The results given in the preceding paragraph imply that it must be 
possible to substitute bromine in unsaturated compounds simply by 
using molecular bromine at a low concentration. This conclusion has 
been confirmed by us, thereby constituting a direct proof for the reaction 
mechanism under discussion as well as providing us with a new method 
for the substitution of halogen in unsaturated compounds. Some illustrative 
experiments with cyclohexene and methyl crotonate are given below. 


Bromination of cyclohexene 

With a constant stream of nitrogen 0.08 mol of bromine was introduced 
in the course of 3 hours into a boiling solution of 0.95 mol of cyclohexene 
in 1000 ml of carbon tetrachloride. The solution was irradiated with a 
mercury lamp. Fractionation of the reaction product yielded: 7.53 g of 
3-bromocyclohexene, bp. 48.5—48.7° (8 mm), nj) = 1.5288 (lit. 1.5292 [16]; 
3.44 g of a somewhat less pure fraction, bp. 48.7—50° (8 mm), n??= 1.5247, 

This second fraction was probably contaminated with bromocyclohexane 
(nj) = 1.4953). From the refractive indices it is calculated that fraction 1 
has a purity of 99%, whereas fraction 2 contains 87 % of 3-bromo- 
cyclohexene. Therefore the total yield of 3-bromocyclohexene amounted 
to 81%. In a second experiment a yield of 84 % was obtained. 


Bromination of methyl crotonate 


Bromine (0.052 mol) was slowly introduced in the course of 3 hours 
into a boiling solution of 0.44 mol of methyl crotonate in 500 ml of CCl,. 
The reaction mixture was illuminated by a mercury lamp. Yield: 81 v4 
of 3-bromocrotonate, HBr evolved: 75 %. 

The bromocrotonate is probably contaminated by a small amount of 
methyl bromobutyrate. 
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Summary 


The Wohl-Ziegler reaction mechanisms proposed by BLoomrirenp and 
by ADAM, GossELaIn and GoLDFINGER are discussed. From competitive 
brominations of mixtures of toluene and para-nitrotoluene it is concluded 
that the nitro group has the same influence on photobromination and on 
bromination with N-bromosuccinimide. 

It is proved that substitution in the allyl position proceeds smoothly 
with molecular bromine at low concentrations. This new type of reaction 
is being studied further. 


February, 1958 Laboratory for Organic 
Chemistry of the University 
of Amsterdam 
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PHYSICAL CHEMISTRY 


X-RAY DIFFRACTION PHENOMENA OBSERVED IN KCI-NaCl 
MIXED CRYSTALS OF EQUIMOLAR COMPOSITION 


BY 


P. H. KLOOTWIJK anv T. J. TIEDEMA *) 


(Communicated by Prof. W. G. BURGERS at the meeting of March 29, 1958) 


1. Introduction 

In the course of investigations on the precipitation process in KCl-NaCl 
mixed crystals of equimolar composition, some remarkable X-ray 
diffraction phenomena were observed which seem to be connected directly 
with the building up of the lattice. 

Firstly several reflections with odd indices, e.g. the (511)- and the 
(531)-reflections, are missing on Laue transmission photographs of the 
homogeneous quenched mixed crystals. On the base of the composition 
of these crystals one should expect these reflections to be present on the 
photographs with an intensity in between the intensities of the same 
reflections of a pure KCl-single crystal and those of a pure NaCl-single 
crystal. 

Secondly Laue transmission photographs of mixed crystals, decomposed 
at temperatures of about 490° C, show elliptical Laue spots. At the same 
time also the missing reflections appear on the photographs as elliptical 
spots. 

Finally ‘extra’ reflections with mixed indices, e.g. (721)- and (542)- 
reflections, occur on decomposition of the homogeneous mixed crystals 
at the temperature mentioned before. 

It is the aim of this paper to explain these observations on the base 
of deviations from the ideal lattice. 


2. KHxperimental procedure 


The preparation of the single crystals was performed in the same way 
as described by TicHELAAR [1], using KCl and NaCl p.a. of Brocades. 
Single crystals of equimolar composition were grown by slowly cooling 
the melt in a porcelain crucible. After solidification the crystals were 
kept at a temperature of about 10°C below the melting point during 
24 hours in order to remove inhomogeneities. Then the crystals were 
cooled slowly to a temperature of 550° C and finally quenched to room 
temperature. 


1) Associate worker of the Dutch Foundation for Fundamental Research (F.O.M.). 
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Due to the fact that decomposition takes place in the presence of 
moisture, all manipulations must be carried out in dry air. From the 
so obtained single crystals specimens for X-ray diffraction work were 
prepared by splitting off small platelets with dimensions of about 
0.3 <x 3 x 3 mm%. Of these specimens normal Laue transmission photo- 
graphs were taken with tungsten radiation. 


3. Description and discussion of the X-ray observations 


a. The absence of the (511)- and (531)-reflections on Laue transmission 
photographs of mixed single crystals of equimolar composition. 

Figures la, b and ¢ show three Laue transmission photographs of 
a) a single crystal of pure KCl, 

b) a crystal of pure NaCl and 
c) a homogeneous quenched mixed crystal of equimolar composition 
respectively. 

For all three photographs the incident X-ray beam was perpendicular 
to a (100)-plane of the single crystal, the voltage by which the tungsten 
radiation was generated being 52 kV. As can be seen from these photo- 
graphs, the (511)- and (531)-reflections are clearly visible in figures la 
and b, whereas they are absent in figure le. 

In order to explain this phenomenon, one must keep in mind that the 
f.c.c. lattice of these crystals is built up in such a way that succeeding 
(511)- or (531)-planes contain alternately chlorine- and metal-ions. Now 
the scattering power of a lattice plane is proportional to the mean scattering 


power of the ions it contains. This latter is a function of ~—, the value 


of which can be derived from Bragg’s equation: 


sin 9 n 


A 2d 


For the homogeneous mixed crystal of equimolar composition with 
a=5.98 A (see lit. [2]) d=1.15 A, so that for n=1: 


sin 6 
as 0;435. 


: sin 6 
The relation between scattering power and — for the K+-, Nat- and 


Cl--ions respectively is given by JAMES and Brinpiey [3]. From their 
figures it follows that the scattering power of a (511)-plane containing 
Nat- and Kt-ions in equal amounts is proportional to 


frsttyae  8:4+4.8 
ite —- D — = 5 — 6.6 


“ 


whereas the scattering power of a (511)-plane containing Cl--ions is 


proportional to 
foe = 18s 
13 Series B 
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As the (511)-planes containing metal-ions counteract the (511)-planes 
containing Cl--ions, an obvious possibility for extinction of the (511)- 
reflections is a diminishing of the scattering power of the planes containing 
Cl--ions by 15.4 %. This can be achieved by supposing displacements 
of the Cl--ions from their ideal positions in the lattice. As a matter of 
fact such displacements are to be expected as a consequence of the 
difference in radii of the Kt- and Na*-ions. 


[001] 


Fig. 2. Possible model for the structure of the lattice of the homogeneous mixed 
erystal. 


Figure 2 shows a possible model for the structure of the lattice of the 
homogeneous mixed crystal. Each Cl--ion is surrounded by 3 Na*+- and 
by 3 Kt-ions, whereas each metal-ion is surrounded by 6 Cl--ions. For 
this model only short range order is required, so that no X-ray effects 
due to long range order have to be expected. Moreover, the necessary 
displacements w of the Cl--ions are such that they are equally spread 
over the three cube directions. 

Now with the aid of the formula for the intensity ® of the reflections 
by a lattice containing random irregularities, it is possible to calculate 
the displacement u. As given by Jamzs [4]: 


=D, ™ 


where: 


M=872 we (= =)" 


P)=the reflection intensity of an undisturbed lattice 


and uw; =the mean square displacement of any ion from its ideal position 
in a direction perpendicular to the lattice plane under con- 
sideration. 


ee lek ees a and T. J. TIEDEMA: X-ray diffraction phenomena observed 
in KCI-NaCl mixed crystals of equimolar composition. 


fig. la fig. Ib 


fig. le fig. 5 


Fig. 1. a) Laue transmission photograph of a single crystal of pure KCl. 

Fig. 1. b) Laue transmission photograph of a single crystal of pure NaCl, a (511)- 
and a (531)-reflection being indexed. 

Fig. 1. c) Laue transmission photograph of a homogeneous quenched mixed 


me 


erystal of equimolar composition; the (511)- and (531)-reflections are absent. 


Fig. 5. Laue photograph of a decomposed mixed crystal of equimolar composition. 
The spot indicated with an arrow was used for the calculation of section 3b. Laue 
spots with mixed indices are indexed. 
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As mentioned before, the scattering power of the planes containing 
Cl--ions has to be diminished by 15.4 °% in order to extinguish the (511)- 
reflections. Consequently 


—=e “—0.846 


or e' “=1,18 


and M=0.166. 


As for the (511)-reflection a 


A 


u?=0.0111 A2 4), 


=(0.435 we find: 


As said before the proposed lattice model (c.f. fig. 4) requires displace- 
ments of the Cl--ions from their ideal positions, which are equally spread 
over the three cube directions. Moreover, it seems reasonable to suppose 
that the absolute value of the displacement wu is the same for all three 
directions. Then for a certain lattice plane (hkl) the displacements in a 
direction parallel to the normal of this plane are given by + wu cos «a, 
+ ucosf and + u cos y, if the normal [hkl] makes angles of «, 6 and y 
with the X-, Y- and Z-axis respectively (see fig. 3). 


Fig. 3. Position of a lattice plane (hkl), the normal of which is making angles 
x, B and y with the X-, Y- and Z-axis respectively. 


1) In this calculation the influence of the temperature effect is left out of 
consideration because of the fact that it practically does not influence the value 
of ©/®,. Moreover our model does not cause long range disturbance, but even for 
a statistical distribution of the metal-ions long range disturbance plays only a 
very minor role, as shown by calculations made by WASASTJERNA [5]. 
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Consequently : 
We = 4u (cos® «+ cos? B+ cos? y)=4u? 
2 0.0333 A? 
and /u/=0.183 A. 


. 


8 
or u2= 3u 


in 6 
Reasoning along the same lines we find for the (531)-planes “ = 0.495 


hee that 
aan aes 


and fyayv=4.2, fev=7.8 and j,-=7.8 (see ht. [3)) and jf, = =o, 


For this plane the extinction condition is a diminishing of the scattering 
power of the planes containing Cl--ions by 17.8 %. This gives: 
@ 


—=¢ “— 0,822, 
0 


or et@—1.22 
and M=0.199. 


From which we find: u2 — 0.0103 Ae. 
Again: UW? = 3u2 = 0.0309 A2 
and =/u/=0.176 A. 


So the displacements of the chlorine ions from their ideal positions 
along each of the three cube-axes turn out to be about 0.18 A. This 
value should be expected on the strength of the radii of the Na+t-, K+- 
and Cl--ions, these radii being ry,,=0.98 A, r,,=1.33 A and Tq-=1.81A 
respectively. This is illustrated by figure 4, from which it can be seen 
that the Cl--ion is displaced over a distance of about 0.175 A, 

A consequence of the model proposed here (c.f. fig. 2) is that the Cl--ion 
has to deform to an ellipsoid with axes of a=1.96 A; b=1,81 A and 


Q98 1,81 181 133 
0,025 0.025 


Fig. 4. Illustration of the displacement of a Cl-ion from its ideal position into 
one of the cube directions. 
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c=1.66 A. The deformation amounts to about 8 % for the a- and c-axes 
and can be regarded as an extra lattice energy. In agreement herewith 
the heat of mixing of the mixed single crystal is positive and amounts 
for the equimolar composition to about 4.56 kJ /mol (see TICHELAAR [1]) 


b. The appearance of elliptical Laue-spots on photographs of the decomposed 
mixed crystal. 

Fig. 5 shows a Laue transmission photograph of a decomposed mixed 
single crystal of equimolar composition. On comparing this photograph 
with that of fig. 1c, the attention is drawn to the fact that in fig. 5 the 
Laue spots have an elliptical shape. 

An explanation for this phenomenon can be given in a simple way 
by making the assumption that the original single crystal on decomposition 
breaks up into a large number of smaller crystal particles which differ 
slightly in orientation, so that the reflecting planes do not occur in their 
ideal positions only, but are spread over a certain angle ¢. The angular 
spread ¢ can be calculated by measuring the axes 2x and 2y of the 
elliptical spots in fig. 5. For the spot indicated with an arrow they turn 
out to be 2a=1.2 mm and 2y=3 mm. 


Fig. 6. Illustration of the formation of elliptical Laue spots. 


Now it can be derived from fig. 6 (c.f. fig. 124 in Brace [6]) that 


2er 
Eee 
2y=4eD 
where: D=distance between specimen and film 
and: r=distance from the center of the film to the center of the 


Laue spot considered. 
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In our case D=40 mm and r=32.8 mm, so that tg 20=0.82 and 
cos 6=0.94. Using the measured values for 27 and 2y we find: 


from 2: e=0.0172 rad | e, —0.018 rad. 
from y: ¢=0.0188 rad {| 4* 

This means that the orientation differences of the small particles are 
of the order of 1°. The difference between the calculated values of « 
must be ascribed to the difficulty of measuring « and y with precision. 

Finally we want to draw the attention to the fact that also the (511)- 
and (531)-reflections, which were absent in fig. le as described in the 
foregoing section, appear on fig. 5 as elliptical spots. This must be due 
to the formation of the equilibrium compositions on decomposition. At 
least for the NaCl-rich phase extinction in the way described before is 
impossible. 


c. The appearance of Laue spots with mixed indices on photographs of 
the decomposed mixed crystal. 


As can be seen also from fig. 5, several Laue spots with mixed indices 
(e.g. (721), (542) and (432)) appear on photographs of the decomposed 
mixed single crystal. This photograph was made with tungsten-radiation 
generated at 52 kV, so that /,,,—0.238 A. In order to be sure that at 
least the (721)- and (542)-reflections were first order reflections (c.f. 
table I), additional photographs were made with tungsten-radiation 
generated at 40kV and so 4,,,—0.308 A. These photographs, however, 
were not suitable for reproduction. 


TABLE I 


50/50 KCl-NaCl mixed crystal, a = 5.98 A, incident X-ray beam perpendicular 


to (100)-plane of crystal 
———— 


hkl | SH?| din A @ in ° fe ee 
In | nm A 
721 | 64 | 0.814 15°40’ | 0.270 0.440 0.220 
542 | 45 | 0.891 18° 0.309 0.551 0.275 
432 | 29 | 1,110 22° | «(0.375 0.833 0.417 


The appearance of reflections with mixed indices can be explained 
only by supposing the presence of a certain degree of order in the distri- 
bution of the K*- and Nat-ions over the cation positions in at least one 
of the equilibrium compositions of the decomposed mixed crystal. 

Now the phase diagram (c.f. TlcHELAAR [1]) shows that on decomposing 
a 50/50 mixed crystal at a temperature of about 490°C one of the 
equilibrium phases consists of about 75 mol. %/ NaCl and 25 mol. % KCl. 
Therefore it seems reasonable to suppose for this composition that the 
Nat-ions occupy the centres of the cube faces and the K+-ions the cube 
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corners of the f.c.c. arrangement formed by the metal-ions in the lattice. 
Although we have not yet investigated this problem in detail, several 
arguments can be brought forward which make ordering likely. Firstly 
one may expect ordering favoured by the fact that in the ordered lattice 
a Cl--ion is surrounded in a symmetrical way by 4 Nat-ions and 2 K+-ions 
or by 6 Na*-ions, so that no displacements of the Cl--ions from their 
ideal positions are required. In this way a “homogeneous” deformation 
of the Cl--ions, which perhaps will be favoured by polarization, is possible. 

Secondly, in the ordered structure the K+-ions have 12 Nat-ions as 
nearest neighbours, which could perhaps be explained by supposing this 
distribution giving the smallest elastic strains in the lattice in the same 
way as is done by Frinn, AverBacn and CoHEn [7] for the preference 
of gold-atoms for nickel-atoms in gold-nickel alloys at temperatures just 
above the solubility gap. 


4. Summary 


The paper deals with X-ray diffraction effects observed in KCl—-NaCl 
mixed crystals of equimolar composition. In order to explain the absence 
of several X-ray reflections on Laue photographs of 50/50 KCl-NaCl 
homogeneous mixed crystals, a model is proposed in which the Cl--ions 
are displaced from their geometrical positions into the cube directions. 
The amount of the mean displacement calculated from this model is in 
good agreement with that expected from the difference in effective radii 
of the K*- and Nat-ions. 

The appearance of elliptical Laue spots on photographs of the decom- 
posed mixed crystal is ascribed to the formation of small particles which 
differ slightly in orientation. From the measured length of the axes of 
the ellipses an orientation difference of about 1° can be calculated. Finally 
the appearance of Laue spots with mixed indices on photographs of the 
decomposed mixed crystal is explained by supposing a certain degree 
of order in the 25/75 KCl-NaCl equilibrium composition. 


Delft 
Laboratory of Physical Chemistry 
Technical University 
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THE CRYSTAL STRUCTURE OF THE STABLE (a-) 
MODIFICATION OF p-NITROPHENOL 
BY 
PH. COPPENS anv G. M. J. SCHMIDT 
Department of X-Ray Crystallography, 
AND 


J. GILLIS 


Department of Applied Mathematics, 
The Weizmann Institute of Science, Rehovoth, Israel 


(Communicated by Prof. C. H. MacGinuavry at the meeting of April 26, 1958) 


The crystal structure of the stable («-) modification of p-nitrophenol 
has been analysed from the (hkO) and (hOl) reflections recorded near 
90° K. The crystallographic constants listed in Table I compare well 
with the data previously published by Toussaryt (1954); the structure 
was solved by the inequalities relations of HARKER and Kasper (1948) 


a sinB 


Fig. 1. Electron density of one molecule projected along [001]. Interval 1 6/A*, 
Lowest contour 2 e/A2. 
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and refined by the difference-synthesis programme developed for the 
electronic computer of the Weizmann Institute. 


TABLE I 
Crystallographic Constants of the Stable (x-) 
Modification of p-Nitrophenol 


At room temperature | 


(Toussaint, 1954) Noango0s te 
eee 
a=118 A | @= 116A 
b= 89 A b= 8.78 A 
G= Gilly A c= GIOA 
pew LhOGeen 2 [B= IO” BY 

P2,/n. P2,/n. 


The agreement factors (excluding hydrogen contributions) of the (hkO) 
and (hOl) zones are at present .181 and .149 respectively; the two 
electron-density projections along [001] and [010] are shown in Figs. 1 
and 2. The structure will be refined further from three-dimensional data; 
a discussion of the differences in photochemical behaviour of the stable 
and metastable forms, and of the mechanism of the fb-cx phase trans- 
formation will be published elsewhere. 


° 1A 
| eee 


Fig. 2. Electron density of one molecule projected along [010]. Interval | e/A?. 
Lowest contour 2 ¢/A?. 
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Summary 


For the type of sea basins considered here the wind effect on sea level 
height may be considered as being the sum of an equilibrium (quasi- 
stationary) effect and a correction to it, due to the variation in time of 
the wind field. 

For the equilibrium effect, which is a good first approximation to the 
actual wind effect, equations are derived containing three empirical 
parameters, viz.: a wind-stress factor f, which links the wind stress to 
the square of 0.75 times the gradient wind velocity and which, for a 
specific place and a specific season, is supposed to be (climatologically) 
a function of wind direction («); a bottom stress factor r, which links 
the bottom friction stress to the vertically averaged current velocity in 
the sea; and a “leak capacity” factor 4, which, in the case of a sea having 
a more or less narrow outlet (“‘leak’’), such as the Straits of Dover is for 
the North Sea, determines what is called the “leak current’’. The equations 
are put into a form which makes it possible, on one hand, to determine 
the parameters mentioned by comparison with empirical data on equi- 
librium wind effects (as collected by ScuatKwisK), and, on the other 
hand, to draw up graphs or tables for practically forecasting wind effects 
from the wind field. From data on wind effects from the southern part 
of the North Sea at the Hook of Holland, values of f(x) and A were 
derived (the value of r having been adopted from BOWDEN). 

The effects of non-stationarity are dealt with in two different manners, 
viz. empirically (according to methods due to ScHALKWIJK and WEENINE) 
and theoretically, by a method of successive approximation. 


1. Introduction 


The problem of finding sea level heights from the wind field over a 
sea has been tackled along different lines of approach. We may well 
distinguish three of them: 


(I) An empirical appraoch (examples: R. H. CoRKAN 1948, G. TomczaKk 
1952; the list of names mentioned here and under (II) and (III) is not 
meant to be complete) 
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(II) A theoretical approach (examples: STAATSCOMMISSIE ZUIDERZEE 
1926, W. F. ScHatKwisK 1947, H. R. Kivistwp 1954, W. Hansen 1956, 
P. WELANDER 1957). 


(III) A partly empirical—partly theoretical approach (W. F. ScHaLK- 
WiJK 1947, M. P. H. WrEntnk 1956, 1958). 


In a sense, methods I and IT need no justification. Method I is limited 
by the impossibility to account, in a purely empirical way, for more 
than only a few characteristics of the wind field and its development 
in time. For practical use in forecasting sea levels, method II meets with 
the difficulty that many of the physical parameters to be used are in 
fact not completely universal, but are determined by regional circum- 
stances. For instance, the wind stress is not only determined by the wind 
velocity, but also by the vertical stability of the air mass and by the 
roughness of the water. Climatologically, therefore, it may be supposed 
to be a function of the wind direction and, eventually, of the season, 
but such dependencies are different for different regions and will have to 
be determined empirically for the region considered. Similarly, the bottom 
friction parameter, to be used e.g. in a linear bottom friction formula, 
will depend upon depths and tidal currents prevailing in the sea area 
involved. Furthermore there are the boundary conditions that have to 
be used in order to limit the sea area involved. 

In the case of the North Sea, for instance, the Straits of Dover may be 
treated as a “leak”, the efficiency of which, in lowering wind surges in 
the North Sea, can easier be assessed in an empirical way than purely 
theoretically. 

The aim of the present notes is to give a brief account of the develop- 
ment of a method belonging to category III, a method of the mixed 
type. For the parameters mentioned just now it uses values derived from 
a statistical material of empirical data by comparing the formulas arrived 
at with these data. Dynamically, the wind effect on water levels is treated 
as the sum of an “‘equilibrium effect’ and a correction to it, accounting 
for the after-effects of the past, if the wind field is not stationary. In a 
sea area like the southern part of the North Sea this can be done quite 
well (apart from secondary disturbances like those from “external surges” 
of Atlantic origin). The foregoing means that first the accelerations 
and divergencies of the water movements are left out of consideration, 
but afterwards, to make a correct forecast of sea level heights, the cal- 
culated effect is corrected so as to take them still into account. Methods 
of doing so are described briefly in the last section of this paper. Before 
dealing with the “equilibrium” theory we shall briefly discuss the wind 
and bottom friction stresses. 


2. Dependencies of wind stress and bottom friction on wind and current 


We suppose the wind stress 1, to be proportional to the square of 
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the wind velocity V, t,—kV?. The factor of proportionality k varies 
considerably with the air mass properties, as we know. Now, in order 
to facilitate application to weather maps, and especially to weather maps 
that are forecasted (prebaratics), we shall use the gradient wind V, 
instead of the surface wind. 

The ratio V/V, may be, say 0.75, but it may be more or less, 
depending on the air mass properties. We write 


(1) V=tX 0.75 Vi=lbV;, 
(2) V,=0.75 V,, 
so that 


Ty=kPVI=foVi 


and we shall now suppose both k and 1, and consequently f,,, for a 
specific place or region and for a specific season, to be functions of the 
wind direction «. 

Hence: 


Ty = fol) Vi 


We shall suppose f,,(~) to apply to strong winds during the “‘storm surge 
season” (November through February, for the North Sea). 

The bottom friction stress is still more difficult to handle, It is certainly 
not permissible to use a vertically constant eddy viscosity and then let 
the current vanish at the bottom (P. WELANDER, l.c.). That this assumption 
fails is most easily seen in the case of zero volume transport (vertical 
integral of the velocity) of the current. As is well known, the bottom 
friction stress would then, under the above assumption, become 0.5 of 
the wind stress at the surface, which is far too much (in most cases it is 
less than 0.1 of the surface stress —see e.g. W. F. Scoatkwisk l.c. and 
M. Hunt 1956). Only in the case of laminar flow would it be So. 

It has been shown (STaaTscomMMISSIE ZUIDERZER le., K. F. BowpEn 
1953) that in shallow sea areas where sufficiently strong tidal currents 
prevail, the additional bottom friction stress 6,1‘) caused by a super- 
imposed drift current is roughly proportional to the velocity (above the 
bottom boundary layer) of this current. In the following theory, which 
is two-dimensional, we shall use the vertically averaged current velocity 
U,,=S/D, where §=volume transport and D=depth, as a measure of the 
current. Since, as we have seen, the bottom friction stress does not com- 
pletely vanish when S$ vanishes, we shall use the following linear expression: 


(4) 6, =9,—ro S/D, 


where r is a friction parameter, which will have to be determined empiri- 


*) Bold characters denote vectors. 
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cally (see section 4), 9 is the density and o, is assumed to be proportional 
to the surface stress: 


(5) co P= 10a Deg 
which is a fair approximation for shallow sea areas. As we have seen, 
m is of the order of 0.1 or less. 


In our problem, we have to do with the sum of o, and t,,, for which, 
according to (3), (4) and (5), we can now write 


(6) o,+7,=(1+m) t,,—re S/D=(1+m)f,(x) | Vi|V, -reS/D=7+6, 
where 

(7) t= f(x)|Vy|Vi=(1 +) fola)| ValV, 

may be called an apparent wind stress, and 

(8) o=—roS/D 

may be called an apparent bottom stress. 

3. Equilibrium theory 


In the absence of accelerations and of astronomical tides, the vertically 
integrated, linearized equations of motion read: 


(9) 02° -0= —ogDVh+t+e-—0c¢[jxS], 


where 


c=2m sin py, the Coriolis parameter, 

D=depth of the water in case of no wind, 
g=acceleration of gravity, 

h=height of the waterlevel above no-wind level, 
j=unit vector pointing vertically upwards, 
o=density, supposed to be a constant, 
o=apparent bottom friction stress, see (8), 
t™=apparent wind stress, see (7). 


Using D instead of D+h means that the water should not be too shallow. 
Substituting (8) in (9), we obtain: 


(10) 0= —og Vh+D—t—-orD-S — ocD-{[j x S]. 
Besides, we have, for the present case: 
(11) div 5 = 0, 


since we are here concerned with the stationary water levels which the 
wind field would produce if it were stationary all the time. From (11) 
it follows that we can introduce a stream function ® as follows: 


(12) S=[j x V9], 
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by which (10) becomes: 
(13) g Vh=07D-"¢+ceD717 O-rD“{j x V @). 


In order now to be able to calculate h(a, y) from equation (13) we have 
to know the current field ® and some additional condition whereby to 
calculate A(x, y) if VA is known. In the case of a partly enclosed sea 
area which has a free connection with the open ocean, as has the North 
Sea along its northern boundary, this additional condition may simply 
be that somewhere on its boundary, say in a point O, the sea level is 


supposed to be kept constant: 
(14) h(O)=0. 


One can then find the height h(P) at any place P by integrating (13) 
from O to P. Now, this integral can be split up into two parts, 


(15) h(P) =h,(P) +hg(P), 
p 
(16) A{P)=o7*g7* [ D-*<ds, 
0 
P 
(17) hy(P)=g"! | (cD-1:V ®—rD~2 [jx V B]) ds, 
oO 


where, in order to have h, and Ay unambiguously defined by (16) and (17), 
the path of integration from O to P is supposed to have been once for 
all fixed by some suitable agreement. We may call h, the “static wind 
effect”? and hg the “current effect’’. 

In order to find the current field we take the curl of both sides of (13), 
obtaining 


YD-19D ID-19D\ | 
de (yO ss) a 


\ rD--7?@+rV7VD=7@ -o( 
(18) 


td! =} 
e-1D-* curl t+07} (- ae T.) 


ta Oy 

This equation has to be combined with the proper boundary conditions 
which depend upon the geometry of the sea area involved. As an example 
we take a model sea as shown in fig. 1, Along the boundary line AF, 
where the sea communicates freely with the open ocean, it is supposed 
that A= constant, which means that ® must satisfy the boundary condition 


ry é oD oD : 
1 1 fe 1 ——_- -}- ad —2 ——— la 
(1s ) 0 D Ten Ee dD ae +? dD vy == () along AF, 


the a- and y-axes having been chosen so as shown in fig. 1. Along the 
coasts ABC and DEF we have constant values of @: 


(20) ? (ABC) =, and © (DEF)=—®, 


respectively, The difference ®,—@, equals the transport of water out of 
the sea through the “‘leak’’, i.e. across CD. 
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We can now split up the current field, as defined by (18)-(21), into 
three component fields, 


(21) ®=@,4+0,+4,, 


Fig. 1. Simple model of a partly enclosed sea, bordering upon an ocean along 
AF and having an outlet or “leak” at CD. 


by splitting up the right hand member of (18) and the boundary condition 
(20) as follows: 


(18a) Y (®,)=9-) D- curl x, 
(19) oD-1 52s 7 D-2 a =0 along AF, | 
(20a) ®, (ABCDEF) = 0: \ 
(18b) L(G,)=9" [V Dx], ; 
(19) o-'D-7,+¢D-12% 47-2 a —0 along AF, 
(20b) ®, (ABCDEF) = 
(18c) L(®,)=0 
(19) eD-15 2s +rD* —0 along AF, 
Bi ®, (ABC) =0, | 

®, (DEF) =&* 
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where “(®) means the left hand member of (18). The three component 
currents determined by ®,, ®, and ©, may be called the “curl t current”’ 
(see (18a)), the ‘‘bottom-slope current” (see (18b)) and the “leak current” 
(see (20c)). 

The purpose of this splitting up is to help to visualize the way in which 
the current field is determined by the vorticity of the wind field, the bottom 
slope and the ‘leak’? and, moreover, to find a way to determine the 
effect of the leak in an empirical way, without entering into the hydraulics 
of the leak. This may be done as follows. 

By substituting ®,, ®, and ®, into (17) separately one can split up 
the current effect A, into three component effects, the ‘“‘curl t effect” h,, 
the “‘bottom-slope effect’? 4, and the “‘leak effect” h, Now we shall 
assume the transport ®* through the leak (CD) to be proportional to 
the wind effect height * that would be encountered at CD if the leak 
(which is thought to be narrow) were closed, supposed there would then 
be no wind effect on the other side of the closing dam. (In case there 
would be a wind effect h** on the other side, caused by a wind over the 
sea area on that side, we should have to use h*-h** instead of h*. This 
case will be dealt with briefly in the next section). The distance CD is 
thought to be so short that in this case there would be no height difference 
between C and D. So, we have: 


(22) @* = Ah*, 
(23) h* =h,(CD) +h,(CD) +h,(CD). 
We may call 4 the “leak capacity’. It may be determined empirically 


from observations of wind effect heights, as will be shown in the next 
section. 


(To be continued ) 
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(Communicated by Prof. H. P. BrertacE at the meeting of April 26, 1958) 


4. Adaptation of the theory to empirical data. 

In the stage reached by now the theory may be adapted to an empirical 
approach developed by W. F. ScHatKwisK (l.c.) for the southern North 
Sea. By confronting our theory with these empirical results we shall be 
able, first, to find the proper values of the wind stress parameter f(a), 
as a function of wind direction (x), and of the “leak capacity’ 4; and, 
secondly, to develope a practical technique of computing wind effects 
from the wind field. 

SCHALKWIJK succeeded in deriving from observed sea level heights at 
the Hook of Holland, by eliminating certain non-equilibrium effects, 
(see next section) and the air pressure effects, the equilibrium effects at 
that place for a large number of wind fields over the North Sea and the 
Channel. These equilibrium wind effects were correlated with the root- 
mean-square winds of three sub-areas, viz. the northern half of the North 
Sea, the southern half of it, and the Channel. For each of these sub-areas 
a set of graphs was constructed giving the partial wind effect at the 
Hook of Holland as a function of the wind over that sub-area, the total 
wind effect being the sum of these three partial effects. The southern 
half of the North Sea proved to give by far the most important contri- 
bution to the wind effect at the place considered. As a measure of the 
wind velocity over the sea SCHALKWIJK used 3/4 of the gradient wind 
derived from the weather map, as we have done in equation (2) and (3). 

We can now easily adapt the theory of the foregoing section to these 
empirical graphs. We have done so particularly for the effect of the 
southern half of the North Sea (area I of figure 1), since for this area 
ScHALKWIJK’s results are the most reliable. 

For that purpose we had only to derive formulas for the wind effect 
at a particular place, due to a wind stress field that is homogeneous over 
area I and has t=0 elsewhere. This mean that curl t vanishes everywhere 
except along the boundary EE’ between I and II, where t jumps from t, 
to zero, giving a singularity in the field of curl t. The vorticity of the 
wind stress field is then concentrated into a line in the same way as, 

14 Series B 
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in an electric field (for which a Poisson-type equation similar to (18a) 
with the charge density in the right hand member), a charge density 
may be concentrated into a line charge. Solving eq. (18a) for ®, in this 
special case can be done in a similar way as solving a two-dimensional 
electric-field equation for the electric potential in the case of a line charge. 
Fuller details of the computations will be published elsewhere (WEENINK 
1958). 

Most of the computations involved in solving the complete set of 
equations (15)—(20), (22), (23) for A at particular place were carried out 
numerically by means of the so-called relaxation method. 

For these computations the depth distribution was simplified to the 
following analytical expression: 


D (meters) =29 ev/42k for y>=0, 


y being the coordinate along the length axis of the North Sea, the line 
y=0 passing through Den Helder. For the southernmost part of the 
North Sea we used a constant depth of 29 meters For the bottom-friction 
parameter 7 we used the value 


r=0.24 cm/sec, 


which is an average of two values derived from investigations by 
BowbEN (1956). For fuller details we refer to WEENINK (1958). The 
other quantities necessary to know for the purpose are 


T,=T sin «=f(x«) V? sin «, 


Ty=T cos «=f(x) V? cos a, 


and the “leak capacity” 4, occurring in eq. (22). Here t stands for the 
absolute value of t, the wind stress over the area under consideration 
(in our case: area I). Leaving 4 and f(x) unknown for the moment, we 
find the following theoretical formula for the wind effect of the southern 
half of the North Sea at the Hook of Holland: 


( h(HH) = {(1.03 +0.75 x 10-82) cos x — 


(24) 5 ok : ewe 
— (0.10 — 0.26 x 10-8) sin x} ep-lg1D-f(x) V2. 


By comparing this formula with ScHaLtKw1K’s results, we are able 
to solve for A and f(x). We find: 2=0.70 x 108 m?/sec and f(x) is given 
by fig. 2. 

In deriving f(x) from this comparison we did not use the graph which 
SCHALKWIJK drew to represent the wind effect of the southern North Sea 
as a function of wind direction, but rather ScHaLKw1JK’s basic empirical 
data itself (gradient winds and equilibrium wind effects divided by V2), 
with the exception of one point of the relative diagram, which was found 
to be suspect. Only gradient winds derived from isobaric maps were used. 
The adaption of formula (24) to the empirical data was performed in 
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Fig. 2. Graph of the wind stress factor f(x) (full line) for the southern half of 

the North Sea, as a function of wind direction («) for strong winds during the 

storm surge season (November through February), and corresponding values of the 
mean difference of air temperature minus sea surface temperature (2). 


the following way. Since the main factor determining f(x) is the stability 
of the air mass involved, we may write: 


f(x) = F{P(a)}, 


where #(x) is the climatological mean value of the difference air temper- 
ature minus sea surface temperature (0=T,,,—T,,,) as a function of 
wind direction (x). 

For the area under consideration, in casu: the southern North Sea, 
and for strong winds during the winter season (the storm-surge season), 
the function (x) is known and has been plotted in fig. 2 (dashed line). 
The function F(#) may be written in the form 


F (db 
F (0)= F(0) a 


For F(#)/F(0) we have adopted the values following from investigations 
by P. W. JoHnson (1955) and M. Hunt (1956), whereas the value F(0) 
was left to be determined, together with A, by comparing formula (24) 
with the empirical data mentioned above.This determination was per- 
formed by means of a least squares method and the result was: 


HO)=3.b5-¢ 10 g/em?, 
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whereas from Huwnt’s (l.c.) and JoHnson’s (l.c.) results there follows: 
F(0VE3.65 x 10 giom?*. 


Knowing the parameters, we are now able to use the theoretical equa- 
tions for computing the equilibrium effect of a given gradientwind field 
in the area considered. 

We may do so by means of an electric computing machine, but we 
can also, for routine use, derive formulas similar to (24), or graphs, to 
give the wind effect at the place considered as a function of the gradient 
winds of a number of subareas of the whole North Sea, the partial wind 
effects of these areas being added to give the total wind effect. Within 
each subarea the wind is taken to be uniform, as in SCHALKWIJK’s model, 
but, in order to take inhomogeneities of the wind field better into account, 
the number of subareas can easily be made more than the two into which 
he divided the North Sea (the Channel is treated in a different way — 
see below), without loosing much of the simplicity of this method. As a 
matter of fact, the first author of this paper has in this way developed 
formulas and graphs for the wind effects at various places of the continental 
coast of the southern North Sea, using a subdivision of the southern half 
of the North Sea into three smaller subareas, as shown in figure 1 (sub- 
areas 1, 2 and 3). 

The influence of a wind prevailing on the other side of the leak (e.g. 
over the Channel, in the case of North Sea) upon the wind effects in the 
area considered can easily be taken into account by means of the “leak 
capacity” factor A. Still supposing that the leak current is proportional 
to the height difference that would occur, if the leak were closed, between 
both sides of the supposed closing dam, we find that the leak current 
will be 


(25) @* = A(h* —h**), 


where h* is still given by (23) and h** is the sea level disturbance height 
that would occur on the other side of the closing dam, which may be 
calculated in a similar way as the height on this side (i.e. the right hand 
member of eq. (23)). If, however, the effect of the wind prevailing on the 
other side of the leak upon the sea level at one place on this side has been 
determined empirically as a function of that wind, it is possible to find 
the corresponding effects at other places without calculating h**. Indeed, 
if we call that effect h;, this quantity being determined by (18e)-(20c) 
with ®@*=—Ah**, and denote by h, the partial effect determined by 
(18c)-(20c) with ®*=J7h*, as before, according to (22) and (23), we may 
easily deduce from the linearity of all equations involved that 

h 


/ 
om 


ey ts 


h* 
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Hence, if H is the place for which we know h, empirically and P some 
other place on this side of the leak, we have 


= pH ’ 


where py is, for any place P, a fixed number (both h(P) and h,(H) 
being proportional to ©*). This number can easily be calculated from 
the current field ®, corresponding to any one value of @*, 

In the case of the North Sea, ScHaLKwisK (l.c.) has indeed found an 
empirical formula for the effect of the wind over the Channel on the 
sea level at the Hook of Holland, so that corresponding formulas for 
other places can easily be derived in the way outlined just now. 

For fuller details the reader is again referred to the paper by WEENINK 
(1958). 


5. Non-stationary effects 

We shall now deal briefly with the correction which must be applied 
to the results of the preceding treatment (equilibrium heights of the 
wind effect) in order to account for the fact that the wind field is not 
stationary. 

The true wind effect at a particular place, as a function of time, may 
be written as a sum of the “equilibrium effect”, which has been dealt 
with in the preceding sections and which shall now be called /,(¢), and 
a “perturbation term” h(E), 


(26) h(t) =ho(t) + h(t). 


Of course, h(t) is determined by the development in time of the whole 
wind field involved, but in the first instance, we might assume h(t) to 
be determined mainly by the development of h,(t) at the place considered. 
Elaborate studies by W. F. ScuatkwiJk (l.c.) and M. P. H. Weeninxk 
(1956, 1958) and a routine practice of forecasting sea level heights along 
the Netherlands coast have indeed shown this to be so. It was found that 
a fairly good first approximation of h")(t)is given by h(t) ~» ho(t—6) —hg(t), 
so that, instead of (26), we obtain 
(27) h(t) =ho(t—6) + h(t), 


where 6 is a time lag and h®(f) is a secondary correction term. SCHALKWIJK 
(.c.) has shown that for the effect of the whole North Sea at the Hook 
of Holland the time lag is, on an average, 2 to 3 hours. One might refine 
the use of time lags by splitting up /,(¢) into the contributions to it from 
different subareas I, II, ..., in other words, by writing 


ho(t) = hox(t) + hort)... 
and using different time lags for different subareas: 


(28) R(t) = hoy(t— 97) + horlt— 971) +». + ROE). 
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Applying this to the North Sea and letting I denote the southern half 
and II the northern half, one might, for the effects at, say, the Hook 
of Holland, take 6, to be 2-3 hours and 6,, to be some 9 hours. 

The secondary effect h(t) is mainly an oscillatory after-effect, following 
a rise or a fall of the equilibrium effect. It results mostly in an “‘over- 
shooting” or “under-shooting” of maxima and minima, as illustrated by 
fig. 3, which gives an illustration of both the time lag and the effect 
h(t), the dashed line representing /o(t) and the full line A(f). The amount 
of over-shooting (4) or under-shooting (4_) depends upon the preceding 
rate of rising or falling of the equilibrium effect and upon the develop- 
ment of h, following the moment of its maximum or minimum. 


Fig. 3. Example of the difference between equilibrium wind effect (dashed line) 
and actual wind effect, as functions of time. 


(In the case of a very steep rise of ho, immediately followed by a steep 
fall, the “overshooting” of the maximum may even be negative). For the 
type of storms giving storm surges in the southern North Sea, ScHALKWIJK 
found that the amount of overshooting is roughly proportional to the 
maximum rate of rise of hy preceding the maximum. For the Hook of 
Holland he found 


oh 
A. = (52) x 2.2 hours. 
max 


For the after-oscillations that may occur (see right hand side of fig. 3) 
SCHALKWIJK found different damping rates for different mean wind 
velocities over the North Sea (which give different degrees of turbulence 
in the sea and, consequently, different eddy viscosities), the time needed 
for the amplitude to become halved being e.g. 34 hours if the wind velocity 
is 10 m/sec, and 21 hours if it is 20 m/sec. The oscillation period of a 
longitudinal surge of the North Sea is about 36 hours. 

The above approach to finding h(t) from h(t) may be refined and made 
more flexible by means of a mathematical model described by WEENINK 


211 


(1956). It amounts to using the differential equations of a linear oscillator 
subject to an external force: 


Tr tae + th=b hy (d). 

The parameters a and b may be determined empirically for a particular 
place; the first one increases with the wind velocity over the sea. This 
equation gives h(t) if ho(t) and the initial conditions are known. It may 
easily be solved by means of an electric model. For a particular case 
(the twin storm surges of 21-24 December 1954 in the North Sea) 
WEENINK found a and 6 to be 0.12 (hour) and 0.041 (hour)-2, respec- 
tively, for the Hook of Holland. 

The above ways of assessing non-stationary wind effects can easily be 
used in routine forecasting of sea level heights. 

Physically one cannot, of course, expect h(t) to be determined by h,(t) 
alone (although it may, for forecasting purposes, be practically all right 
in most cases). Therefore, we shall conclude by giving a brief outline of 
a method of successive approximation of h(x, y; t), where the development 
in time of the whole field h(x, y; t) is used for finding the next approxi- 
mation. 

If nonlinear acceleration terms are supposed to may be neglected, we 
have now, instead of (10) and (11), the following equations: 


(29) o D1—=4(2;vh,S), 
(30) — 2B (iy 9, 


where &(t; Vh, S) stands for the right hand member of (10). The solutions 
of (10) and (11), which will now be written hf) and Sj, may be looked upon 
as zero-order approximations to / and S, defined by putting the left hand 
members of (29) and (30) equal to zero: 


(29.0) 0=B(z; Wh, Sy); 
(30.0) 0=div S. 
We can now proceed to a next approximation (h,,$,) by substituting 


hy and S, in the left hand members of (29) and (30): 


(29.1) oe D1 =A(t; Vin Si), 


(30.1) a Oe ey 5: 


the boundary conditions being the same as before. The advantage of 
this method of successive approximation lies in the fact that no time- 
derivatives of unknown variables occur in the equations to be solved. 
It bears some resemblance with the approximation of the ageostrophic 
wind component by means of the so-called isallobaric wind. 
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Subtracting (29.0) and (30.0) from (29.1) and 30.1) and writing 


hy=ho tho, 
S;=S9+So1, 
we obtain the following equations: 
os , 
(29.01) g D1 8 =B (r=0; Vig, Sqr); 
of : 
(30.01) — Sf = div Sq. 


Once S,, is known, fo, can, for any point P, be computed from (29.01) 
by integration from a point O of AF, where hy; =0 (as is fo, see (14)), to P. 
By taking the curl of both sides of (29.01) and using (30.01) we obtain: 


( —c(S,-V-D-1)+2rD |S, x V D0] —rD~ ourl S,, = 


dh d 
ee -1 Le } 
/ = Sell ot ot 


(31.01) 


(30.01) div 5,,==—-—— 


which are to be combined with the boundary conditions 
(19.01) CSo,—7D-! 8y,=90 along AF, 


Wusk along ABC, 


Sy1,—0 along DEF, 
(20.01) hg: . 


D 
S Soy @%—So,, dy) =Ahoy, (CD), 
\ 6 


where the index n denotes the component normal to the coast line and 
where ho,,(CD) denotes the value at CD of the function hy, that is solved 
from (29.01) with the boundary condition hy,,(0)=0 if for S,, is substi- 
tuted the current field So, that satisfies (30.01) and (31.01) with boundary 
conditions (19.01) and, instead of (20.01), 


(20.01b) Somn=9 all along ABCDEF. 


The boundary conditions (19.01) and (20.01) are obtained by sub- 
tracting the boundary conditions valid for hy and §, from those valid 
for h, and §,. 

If the sea has constant depth, the problem reduces to the well-known 
problem of finding a vector field S,, if div S), and curl So, are given, to- 
gether with the proper boundary conditions. 

Further approximations can be obtained by replacing, in equation 
(29.1) and (30.1), ho, So, Ay and S, by hy, S,, hy and S,, respectively. If we 
now write 

hig=hy + hyp, 
S2=S1+Syo, 
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we have for h,,. and S,, equations of exactly the same form as (29.01), 
(30.01), (31.01) and the corresponding boundary conditions. 
And so on. 
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PHYSICS 


ANOMALOUS TRANSMISSION OF X-RAYS BY 
SINGLE CRYSTAL GERMANIUM 


BY 


L. P. HUNTER *) 


rc 


(Communicated by Prof. H. B. G. Casmmr at the meeting of May 31, 1958) 


Introduction 

The anomalous transmission of X-rays through nearly perfect crystals 
was first observed by BorRMANN [1] and CampBeLi [2] and has been 
discussed theoretically by ZACHARIASEN [3], Hrrscu [4] and Von Laub 
[5]. The effect has been measured in calcite by ScHwartrz and Rogosa 
[6] and found to agree reasonably well with theory. 

Since the anomalous transmission arises because the lattice planes of 
the crystal coincide with the nodal planes of the X-ray standing wave 
field in the crystal, it is clear that any gross lattice imperfections will 
destroy the effect and even subtle crystal defects will seriously reduce 
the transmitted intensity. This suggests that the intensity of the anoma- 
lously transmitted beam should furnish a sensitive tool for the investigation 
of crystal perfection. In recent times it has been possible to grow single 
crystals of germanium which exhibit a high degree of crystal perfection 
as indicated by ordinary standards. It was accordingly decided to investi- 
gate the anomalous transmission of X-rays by good single crystal germa- 
nium both from the point of view of the effect itself and from the point 
of view of its use as a tool in the investigation of crystal perfection. 
In this paper results are given which show how details of the imaginary 
part of the atomic structure factor of germanium can be measured using 
essentially perfect germanium crystals, and also how sensitive the 
anomalous transmission is to such crystal defects as dislocations and 
elastic strain. 


Theory 


Following ZACHARIASEN [3] we find that the ratio of the integrated 
intensity of an anomalously transmitted beam to the incident intensity 
is given by: 


I; LA oe _ 
(1) 1 _ (8 )erst—o = By 


*) Temporarily: Philips Research Laboratories, N.V. Philips’ Gloeilampen- 
fabrieken, EKindhoven. 
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under the conditions for a symmetrical Laue reflection. Here t=, times 
the thickness of the crystal in the direction of the transmitted beam, 
and e=K(F,,,/F..), where K is the polarization factor and the Ves 
and F',,, are the crystalline structure factors for the diffracted beam and 
the transmitted beam respectively. This formula is accurate for 2>4. 
In our work we use monochromatic radiation so we now adapt the double 


crystal formula (3,215) of the second part of reference [3]. 


whet Rhy + (cos 26,)(c08 20,43) RY RY, — Bo 
sin 2644 RY + (cos 26,) RY lee 


(2) R= 


Here y,,,=42 times the polarizability in the Akl direction, 6,,, is the 
diffraction angle in the specimen, 6, is the diffraction angle of the mono- 
chromator crystal, R’ is the integrated reflection of the monochromator 
crystal and +R’, and “R¥., are the integrated anomalous transmission 
(or reflection) of the specimen for the perpendicular and parallel compo- 
nents of the incident beam, # is the measured integrated intensity, and 
w is the angular speed of rotation of the specimen crystal. 

Since the diffraction angle, §,, of the monochromator is low (13,2° for 
Cu Kx and quartz) it is a good approximation to ignore polarization effects 
in the monochromator and write a single A’ in equation (2). 

Substituting (1) in (2) and reducing we get finally: 


Lt F ooo Has e 1ih 
3 ” 
( ) 1] (= a |/ 
Sita ALI | x 
at Pogo 


‘where negligible terms have been dropped and a, is the frequency of 
the X-rays, V is the volume of the unit cell of the specimen, and m and e 
are the mass and charge of the electron. 

By inspection of equation (3) it is clear that a plot of the left hand side 
against the second term on the right hand side will give a straight 45 
degree line with an intercept equal to (1— F’,,,,/F';,)) a8 «© > oo. Accordingly 
our method will be to cut slowly tapered wedges of oriented single crystals 
and measure the integrated anomalous transmission as a function of 
thickness. 


In (Zo/oB) _ ( = 7) rn | jan 228 V sin 20a (1 + 008 265) 


Experiment 

The experimental arrangement consists of a standard Philips X-ray 
generator and a quartz crystal monochromator. Cu Koy radiation was 
used throughout the measurements reported here. Of the allowed reflections 
of the diamond structure only those which have the maximum structure 
factor of 8 f,, were used. These reflections are (220), (400), 422), and (440). 

Table I gives the pertinent quantities for equation (3) for these reflections 
in the first 4 columns. 
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TABLE I 
Pa a a i i i 


hil 9 sin 20 ell my V sin 26 (1 +-cos 26,) | (1—F" 4 /Fesp) Fal Fog 
42 e? F'oo9 

(220) | 22.6° | 0.709 10.65 0.048 0.952 

(400) | 33.1° | 0.915 10.95 0.10 0.90 

(422) | 41.7° | 0.993 11.00 0.14 0.86 

(440) | 50.4° | 0.983 11.05 0.22 0.78 


The anomalously transmitted beam was measured with a proportional 
counter and a pulse height discriminator circuit so that there was no 
trouble with higher harmonics coming through the monochromator. 

The measurement of J, was achieved by using the thin end of the sample 
crystal wedge as a filter. For example the X-ray tube was set at a current 
and voltage within the regulating range of the X-ray generator and yet 
at a low enough level that the counter could measure the direct beam 
from the monochromator. Both the direct beam and the integrated 
intensity through the thin end of the wedge were measured. The X-ray 
tube was now set at the usual operating current and voltage and the 
integrated intensity was again measured through the same point on the 
wedge, thus providing a calibrating factor. The beam used for most of 
the measurements was about 1 mm x 0.1 mm at the sample. 

The crystal wedges were cut so that the diffracting planes were perpen- 
dicular to the direction of taper of the wedge, and the wedges were mounted 
so that the long dimension of the X-ray beam was parallel to the crystal 
planes. Means were provided to translate the crystal wedge either parallel 
or perpendicular to the crystal planes so that the wedge could be scanned 
without changing its angle to the X-ray beam. A typical wedge was 2 em 
long, 8 mm wide and tapered from a thickness of about 0.3 mm to 1.5 mm. 

It was found necessary to etch away between 10 and 20 microns of 
the surface of the crystal after it was ground to shape in order to remove 
surface damage which affected the anomalous transmission. CP4 etch 
was used. 


Results 


In Figure 1 is shown a plot of the results obtained on five samples 
cut from three different crystals of germanium. The (220) reflection is 
used and the wedges were cut so that the (110) direction is parallel to the 
direction of taper. Crystal 1 was grown in the (110) direction and crystals 
2 and 3 were grown in the (111) direction. This means that the wedge 
of crystal 1 was cut parallel to the axis of growth of the crystal and the 
wedges cut from crystals 2 and 3 were cut perpendicular to the axis of 
growth. All of these crystals appeared to be free of dislocations in that 
they showed no etch pits. 

Inspection of Figure 1 shows that the intercept is very well determined 
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and gives a value of 0.048 for (1— Fo5/ ooo) or a value of 0.952 for 
Re F" ae 
220/ 90° 

Similar results were obtained for the other reflections and are listed 
in the last two columns of Table I. 

Now that we have the value of (1—F’.,/F’,,) we may calculate the 
variation of In(/,/#) with thickness for a perfect germanium crystal and 
compare this with measured values for crystals which are known to have 
imperfections. Such a comparison was made for several germanium 
crystals of about 0.5 mm thickness. The results are given in Table II 
where J, is the integrated anomalously transmitted intensity expected 
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Fig. 1. Plot of equation (3) for five wedges cut from three different crystals of 

germanium. Sample 1 (+) was cut parallel to the axis (110) of crystal 1; samples 

2 (©) and 3(@) were cut perpendicular to the axis (111) Of erystal 2; and samples 
4 (A) and 5 (A) were cut perpendicular to the axis (111) of crystal 3. 
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for a perfect crystal and J is the observed intensity for the imperfect 
crystal. 


TABLE II 
Dislocation density/em* 800 12, 3 -10* 2 oe 10° 
gt 1.3 2.7 60 


Inspection of Table IT shows that the limit of detection of dislocations 
by this method, using a relatively wide beam, is a few hundred per cm’. 
However, strain measurements show that if a beam width of the order 
of 20 microns is used it should be possible to measure the strain field 
around a single dislocation in germanium. 

Elastic strain measurements were made by bending a 3 cm bar of 1 mm 
thickness and measuring the integrated anomalous transmission of the 
(220) reflection. The bending was produced by spring loaded knife edges 
which made contact with the bar near the ends and at points about 
1/3 of the length of the bar from each end. The anomalous transmission 
was measured over the central 1/3 of the bar. The degree of bending 
was also measured by the X-rays since the difference between the crystal 
setting necessary for diffraction at either end of the region of the bar 
being measured indicated the angle between the lattice planes at these 
two positions. 

The result of the bending experiment can be summarized in the empirical 
formula 


(4) (In H,/H)*=1.2x 104 o 


where o is the strain in the 1 mm bar, £, is the integrated intensity of the 
anomalous transmission of the unstrained bar and Z is the integrated 
intensity of the anomalous transmission of the strained bar. The bar 
used for this experiment showed no dislocation etch pits and was cut 
along the axis of a (110) grown crystal. 


Conclusions 


The results given above seem to indicate that the anomalous trans- 
mission of X-rays in nearly perfect single crystals is a powerful tool for 
investigating the degree of perfection of the crystals. It is much more 
sensitive to dislocation density than is the conventional X-ray diffraction 
line width measurement and is much easier to apply since only integrated 
intensities need be measured. It is equally sensitive to elastic strain and 
can detect the same order of magnitude of strain that the conventional 
methods using polarized light in transparant media will detect. Under 
the proper conditions it should also be sensitive to vacancy clusters and 
stacking faults. 

In essentially perfect crystals the anomalous transmission can in 
principle measure something about the electron density distribution in 
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the atoms making up the diffracting planes of the crystal through the 
determination of (1—F’,,/F,,). In the case of germanium it is presently 
possible to get crystals perfect enough to yield good values of (1— USD ee 
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GEOPHYSICS 


ON THE PROBLEM OF THE POSTGLACIAL UPLIFT OF 
FENNOSCANDIA. I 


BY 


J. M. BURGERS anp B. J. COLLETTE 


(Communicated at the meeting of May 31, 1958) 


1. Introduction. A paper by NISKANEN on the postglacial uplift of 
Fennoscandia !) seemed to be of importance in connection with the 
problem of the movements of the Earth’s crust in the Netherlands 2). 
On closer inspection it appeared, however, that a certain detail in 
NISKANEN’s calculations cannot be accepted. Both authors of the present 
paper came to this conclusion independently of each other, the first one 
starting from a reformulation of the equations, the second author from 
experimental investigations with a very viscous material, which revealed 
deviations from what was expected on the basis of NISKANEN’s formulae 
and induced him to analyse the deductions anew. When the two authors 
became acquainted with each other’s work, they decided to publish 
their results in a joint paper. 

It only afterwards became known to the authors that already in 1944 
CouLoMB *) had noted the same point in NISKANEN’s calculations. 
CouLomB, however, did not give a corrected treatment of the problem. 
The deductions given in the present paper show that such a treatment 
reveals some new aspects of the postglacial uplift of Fennoscandia. 

The first part of the paper is mathematical; apart from the case of 
twodimensional motion treated by NISKANEN, some further cases have 
been considered briefly. The experimental investigations and the geo- 
physical considerations, which are due to the second author, start in 
section 7. 


2. Mathematical deductions. Following NisKANEN, but extending his 
analysis, we consider the very slow motion of a viscous fluid, extending 
from a horizontal plane (z=0) to infinite depth. The z-axis is directed 


downwards. 


1). NiskaNEN, On the upheaval of land in Fennoscandia, Ann. Acad. Scient. 
Fennicae, Ser. A, 53, No. 10, pp. 1-30 (1939). 

2) F. A. Ventne Mernesz, Earth-crust movements in the Netherlands resulting 
from Fennoscandian postglacial isostatic adjustment and alpine foreland rising, 
these Proceedings B57, pp. 142-155 (1954). 

%) J. Coutoms, Tensions engendrées dans le globe terrestre par son refroidisse- 
ment, Ann. de Géoph., 1, pp. 171-188, 1944. 
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Since the terms of the second degree can be neglected, the equations 
of motion reduce to: *) 


du/st = —dIp/dx+v4u 
(1) w/t = —dIp/dy+vdv 
w/dt = —dp/dz+vdw+g, 


where p has been written for the pressure divided by the density. We 
assume the fluid to be incompressible, so that the equation of continuity 
becomes: 


(2) du/dIu+ dv/dy + dIw/dz = O. 


These equations can be satisfied when the following expressions are 
chosen for uw, v, w and p: 


U = —dp/dx—dy/dz 
(3) v = —dp/dy— dyx/dz 
w= —dp/dz+ dp/dx+ dy/dy; 
(4) p = dp/dt+gz, 
provided the functions ¢, py, y are subject to the conditions: 
Ag = 0 
(5) dy/dt = vAy 
dy/dt = vAy. 


A particular solution, periodic in x and y, symmetric with respect to 
the planes x=0 and y=0 and vanishing at infinite depth (z= 4 oo), is 
obtained by taking: 

y = +A exp (—az —kt) cos az cos by 
(6) y = +B, exp (—fz —kt) sin az cos by 

% = +B, exp (—fz —kt) cos ax sin by. 
This solution depends on two parameters, a,b, which are determined 
by the wavelengths of the field in the x- and y-directions, respectively. 
The quantity k will be found as the outcome of the calculations; the 
quantities « and f are connected with a, b and k the by formulae: 
(7) at = a2+b2; B2 = g?4+ 52 k/y, 
which follow from conditions (5). 

When, for shortness, we write: 


€; = exp (—az —k); e, = exp (—fz —kt), 


4) Compare H. Lamps, Hydrodynamics (6th Ed., Cambridge 1932), Art. 349, 
pp. 625-628, Lamp uses the equations to investigate the influence of viscosity on 
water waves and also considers the influence of surface tension. 


292 


the following expressions are obtained for wu. v. w and p: 


wu = (Aae,+ B,Be,,) sin ax cos by 
(8) v = (Abe,+ B,Be,,) cos ax sin by 

w = (Ane, + B,ae,, + B,be,;) cos ax cos by; 
(9) p = —Ake, cos az cos by + gz. 


Since the depression ¢ of the surface below the plane z=0 is connected 
with the vertical velocity component w by the relation: 


OG/ b=w, 
we find: 
a A Bia B 
(10) eras ee cos ax cos by, 


where in the latter expression we can take: 
(10a) &; = €;, = exp (— #4). 


We now must observe the following conditions at the free surface 
(j.6:, tor z=): 
( Pre = y(dw/dx+ du/dz) = O 


(11) 
| Dy, = »(dw/dy + dv/dz) = 0; 


(12) Diag = —P+20(dw/oz) = 0. 


When the expressions for u,v, w and p have been inserted and the differ- 
entiations worked out, we can again make use of the approximation 
indicated in (10a). 

The following results are obtained. First, from (11) we deduce: 


B, = —20aA/(x* + B); 
B, = —2abA](x? + B?). 


Equation (12) leads to: 
+(g/k)(Ax+ B,a+ B,b)—2v(Ao?+ Bab + B,bB) = 


Inserting the values of 5, and 6, obtained above we arrive at: 


on? ale 
(13) k2—2hyv a got = 0. 
Since k= — (f?—«?)v, according to (7), this equation can be transformed 
into: 


(62 02)(B—a)? | go B20? 
(Bhat Ee rat = ° 


The resulting equation has the trivial root: 6?=«?, givingk=0,w=v=w=0, 
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which is of no further use. Dividing by (f2—«?) and multiplying by 
(82+ x?) we obtain: °) 


(14) B4 + 282 x? — 4BaF + x4 + ga/v? = 0. 


In this equation the value of « is given by /a*+6®; we take a and b to 
be known quantities. The equation then determines the value of f; 
finally we obtain k= — (f?—.«?)y. 

Equation (14) has two real positive roots (and two complex roots with 
a negative real part) as long as g/y?x?<0,582, that is, for values of « 
satisfying : 


(15) X= 0a 1,2 gue ges, 


In the case to be considered » is of the order 4.107! em?/sec; with 
g= 108 cm/sec? we obtain the condition: 


(15a) * > ca. 5.10-* em, 


The half wavelength corresponding to this value of ~ would be 2/x= 
=ca. 0,6.1014 cm = 6.108 km. Since this is greatly in excess of the cireum- 
ference of the Earth (4.104 km), the values of a and 6 and thus the values 
of « of importance for our problem will be much larger than the limit 
(15a). In this case the real positive roots for 6 can be approximated by 
the expressions: 


(16a) By = 09,2950 4+0,37g/r2 x7, giving k,;~0,9la?r; 


In a case where « would be smaller than the limit (15), the roots for f 
will all be complex; two of them have a positive real part, while the other 
two have a negative real part. 

When the values of B, and Bb, obtained before are introduced in (10), 
we find: 
(17) faite ioe 


Writing Aay/(f?+ «?)= —C, this takes the form: 


~*t cos ax cos by. 


(17a) € = Ce cos ax cos by. 


Since there are two roots with a positive real part, both representing 
damped motions, we can combine them and put: 


(18) ¢ = {C, exp (—k,t)+C,, exp (—k,,t)} cos aa cos by. 


The corresponding expression for the vertical velocity w at the free 
surface is: 


Wyurjace = — {k,C;, exp (—k,t)+k,,C), exp (— k,,t)} cos ax cos by. 


°) This equation corresponds to LAamB’s equation (16). 
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When both the initial amplitude of the depression ¢ and that of the 
Velocity Werrjace have been given, these equation can be used to find the 
appropriate values of the coefficients C,, C,,. However, in the case where 
x greatly exceeds the limit (15) it is found that the values of k, and k,, 
differ very much in order of magnitude. For instance, with « = 1/(1000 km) 
=10-° em and v=4.10#2 cm?/sec, one has: k,=3,6.108 sec; k,,= 
=1,25.10™  sec~!. Hence the parts of ¢ and w,,,/.,. depending on k, will 
disappear extremely rapidly. Moreover, when the initial amplitudes of 
both these quantities are of normal order of magnitude, it is found that 
C,; becomes extremely small in comparison with C,, (this is still more 
itself is already a small quantity). 
It follows that we may discard the terms depending upon k,, retaining 


so, when the initial amplitude of w 


surface 


only the terms depending upon k,,. We thus arrive at the result: 


(19) ¢ = Cexp (*) COs ax Cos by, 


2Qva 


where C is to be found from the initial amplitude of ¢, without paying 
attention to the initial velocity at the surface. 

The same result can be obtained with the aid of a simplified calculation 
in which we neglect the terms du/dt, dv/dt, dw/dt in eqs. (1). In that case 
eq. (12), together with formula (9) for p, is used to find ¢; and k is deduced 
from the relation: 


Ps 
l oC __ Wsurtace 
- 
f Ot ¢ 


3. Adaptation to an arbitrary initial pattern. We can generalise the 
result obtained above in order to obtain an arbitrary symmetric pattern 
for the initial elevation, by combining solutions for various values of 
a and } into a Fourier integral, taking C to be a function of a and 6: 


(20) C= ff da db C(a,b) exp ee) cos ax cos by. 


It is true that the expression used in the exponential function is not 


correct when a and are so small that «= V/a?+b? is below the limit (15) 
(the error only disappears when « exceeds this limit to a sufficient degree). 
This has the consequence that the value of dw/dt or even that of w itself 
will present a singularity for +=0. It can be shown, however, that the 
part of the integral which is not correct, is small compared with the part 
which is practically free from error *), while the singularity in dw/dt or 


6) This will be seen, for instance, by considering formula (25) below. The factor 
exp (—t/w), which is the one that makes w logarithmically infinite for t = 0, 
is not correct for values of u =a 4a)/2 of the order 0,6 a g'/*»—**, where we have 
taken the limit (15) for a. With a) = 2,81.10° cm as found below, this value 
becomes approx. 0,6.10—*. If we exclude from the domain of integration the region 
0 <u < 10-5, the integral is diminished by less than 1,2.10—5. This is small in 
comparison with the values of the integral given in Table IT, unless we come to 


large values of t and &. 
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in w disappears very rapidly with increasing time. We shall therefore 
neglect the imaccuracy. 
It is convenient to make a change of notation by writing: 


a = 2uj/a); 0 = 2v/dp, 


where a, is a constant, having the dimension of a length, while the inte- 
eration variables have become wu and v, which are dimensionless quantities. 
We now consider C as a function of w and v. 

A special choice for C(u, v) of importance for our problem, is given by: 


4 Dm 


(21) C exp (—u?—m?v?), 


We then obtain: 


4Dm * 


(22) C JJ dudv exp ( —u?—m? py? — 
0 


) cos Eu COS 7”, 
It 


Vu2 +? 
where we have written: 
E=2z/ay; y=2Qy/dg; t=agztf{dy. 


For +=0 this formula reduces to 


a 4Dm ™ ‘ ‘ 
Ci=0) = [J dudv exp (—u?—m?v*) cos Eu cos nv, 
ates 


0 


which according to a well known formula becomes equal to: 
: 7 : wll ye 
(23) Cimo = D exp (- ai 3). 


Hence our solution corresponds to an initial depression of elliptic 
pattern, the extent in the x-direction depending on the value of a, and 
that in the y-direction depending on may, while the maximum depth 
is represented by D. 

Two special cases present themselves immediately. When we take 
m=oo, we obtain a two-dimensional-depression : 


(24) Su-o) = D exp (—2%/a2). 


In this case only values of v of order 1/m can give a contribution to the 
integral; we can therefore simplify (22) to 


C= ersase | dudv exp (—u? —m?v®—1/u) cos Eu = 
(25) 


0 
= — J du exp (—u?—t1/u) cos Eu. 
0 


In this way we have obtained a solution for the two-dimensional 
problem considered by NisKANEN. The latter. however, used an expression 
exp (—A?kt) for the time factor’), which in our notation would correspond 


") NISKANEN, l.c. p. 11. 
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to exp (—Ttw?*), instead of exp (—t/w). It looks as if NisKANEN had been 
considering the term depending on k,, which, however, is incompatible 
with his formula k= g/2yb, since the latter is essentially the formula for k, . 

Numerical values of the integral occurring in (25)—leaving out the 
factor D—have been calculated at the Mathematical Centre, Amsterdam, 


through the care of Professor A. 


VAN WYNGAARDEN, on request by 


Prof. F. A. Ventna Metyesz, for which we wish to express our sincere 
thanks. Results are given in Table I 8); we shall come back to this table 
in the next section. 


TABLE I 

A 0 0.1 0.2 0.3 0.4 0.5 0.6 0.7 0.8 
0.0 +1.0000 +0.7155 +0.5712 +0.4710 +0.3958 +0.3371 +0.2899 +0.2512 +0.2191 
0.1 +0.9975 +0.7133 +0.5692 +0.4792 +0.3942 +0.3356 +0.2885 +0.2500 +0.2180 
0.2 +0.9900 +0.7066 +0.5632 +0.4638 +0.3893 +0.3311 +0.2844 +0.2463 +0.2146 
0.3 +0.9777 +0.6956 +0.5533 +0.4548 +0.3812 +0.3238 +0.2778 +0.2402 +0.2091 
0.4 +0.9608 +0.6804 +0.5396 +0.4425 +0.3700 +0.3137 +0.2686 +0.2318 0.2014 
0.5 +0.9394 +0.6613 +0.5224 +0.4270 +0.3560 +0.3010 +0.2570 +0.2213 +0.1918 
0.6 +0.9139 +0.6386 +0.5020 +0.4086 +0.3394 +0.2859 +0.2434 +0.2089 +0.1805 
0.7 +0.8847 +0.6125 +0.4786 +0.3876 +0.3204 +0.2687 +0.2278 +0.1947 +0.1676 
0.8 +0.8521 +0.5835 +0.4526 +0.3642 +0.2993 +0.2496 +0.2105 +0.1790 +0.1533 
0.9 +0.8167 +0.5519 +0.4244 +0.3389 +0.2765 +0.2290 +0.1919 +0.1621 +0.1380 
1.0 +0.7788 +0.5183 +0.3944 +0.3119 +0.2523 +0.2072 +0.1721 +0.1442 40.1218 
1.5 10.5698 +0.3340 +0.2311 +0.1665 +0.1224 +0.0908 +0.0676 +0.0501 +0.0368 
2.0 +0.3679 +0.1594 +0.0791 +0.0336 +0.0056 —0.0121 —0.0233 —0.0304 —0.0347 
2.5 +0.2096 +0.0272 —0.0322 —0.0606 —0.0743 —0.0802 —0.0815 —0.0802 —0.0772 
3.0 +0.1054 —0.0543 —0.0963 —0.1110 —0.1139 —0.1110 —0.1053 —0.0982 —0.0907 
3.5 +0.0468 —0.0942 —0.1227 —0.1273 —0.1226 —0.1141 —0.1041 —0.0939 —0.0841 
4.0 +0.0183 —0.1076 —0.1258 —0.1235 —0.1140 —0.1023 —0.0903 —0.0788 —0.0683 
4.5 +0.0063 —0.1073 —01179 —0.1108 —0.0986 —0.0854 —0.0727 —0.0612 —0.0512 
5.0 +0.0019 —0.1015 —0.1064 —0.0962 —0.0825 —0.0688 —0.0563 —0.0455 —0.0363 
5.5 +0.0005 —0.0943 —0.0948 —0.0825 —0.0681 —0.0546 —0.0429 —0.0330 —0.0249 
6.0 0.0001 —0.0873 —0.0844 —0.0708 —0.0562 —0.0432 —0.0323 —0.0235 —0.0165 
6.5 0.0000 —0.0809 —0.0753 —0.0608 —0.0464 —0.0341 —0.0242 —0.0164 —0.0105 
7.0 0.0000 —0.0752 —0.0674 —0.0524 —0.0384 —0.0269 —0.0180 —0.0112 —0.0062 
7.5 +0.0000 —0.0701 —0.0605 —0.0453 —0.0319 —0.0212 —0.0132 —0.0074 —0.0032 
8.0 +0.0000 —0.0655 —0.0545 —0.0393 —0.0265 —0.0166 —0.0095 —0.0045 —0.0011 
8.5 +0.0000 —0.0613 —0.0491 —0.0341 —0.0219 —0.0129 —0.0066 —0.0024 +0.0004 
9.0 0.0000 —0.0575 —0.0444 —0.0297 —0.0182 —0.0100 —0.0044 —0.0008 +0.0014 
9.5 —0.0000 —0.0540 —0.0403 —0.0258 —0.0150 —0.0075 —0.0027 +0.0003 +0.0021 
10.0 —0.0000 —0.0508 —0.0365 —0.0225 —0.0123 —0.0056 —0.0013 +0.0012 + 0.0025 
10.5 +0.0000 —0.0478 —0.0332 —0.0196 —0.0101 —0.0040 —0.0003 +0.0017 +0.0028 
11.0 0.0000 —0.0451 —0.0302 —0.0170 —0.0082 —0.0027 +0.0005 +0.0021 +0.0029 
11.5 —0.0000 —0.0426 —0.0275 —-0.0148 —0.0066 —0.0017 +0.0011 +0.0024 + 0.0029 
12.0 —0.0000 —0.0403 0.0250 —0.0129 —0.0052 —0.0008 +0.0015 +40.0025 + 0.0028 


8) The original table furnished by 


the Mathematical Centre gives the values 
of the integral for the domain 0 < £ = 12,0 and for 0 < + = 1,0, im both directions 
with equal steps of 0,1. Data are available for those who are interested, 
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Another interesting case is obtained by taking m= 1, so that we arrive 
at a depression of circular form: 


(26) Su-o = D exp [—(2? +y)/a9]. 


In this case it is convenient to make the following substitution of variables 
in (22): 
u=scosa; &€ = ecosdé 


j= shih oc; Hy = p Bin G. 
We must replace du dv by s ds dO. When the limits for w and v are taken 
as —oco, +co (which requires the omission of the factor 4 before the 
integral), we can integrate with respect to s from 0 to c~, and with respect 
to o from 0 to 27. The integration with respect to o can be carried out 
with the aid of relations known from the theory of Bessel functions. 
In this way the following result is obtained: 


co 
(27) ¢ = 2D J dss exp (—s*—t1/s)Jo(o8). 
0 
The values of this integral so far have not been tabulated. A similar 
case with circular symmetry has been treated by HasKELL, but HASKELL 
did not start from an initial depression as given by (26), but from an 
assumed initial velocity distribution °), 


4. Application of a Fourier series. Before the calculations of the 
Mathematical Centre were available, the second author used a Fourier 
series of the form: 


N 
; ‘ . glt _ NX 
(28) C= ¢+ : c, exp ( ~ ) cos es 


2avn 


This series represents a periodic disturbance of wavelength 2L, which 
is taken equal to the circumference of the Earth, so that 2L—4.104 km. 
It will be seen that 2n/L replaces the quantity a of formula (20), the 
value of b being zero since again we are considering a twodimensional 
problem. Apart from the circumstance that the series pays some attention 
to the finite dimensions of the field, its use also avoids the occurrence 
of values of « close to zero, so that we get rid of the singularity in the 
value of w. 
The following values have been chosen for the coefficients: 


Cy =Cy exp (— xn?) (n>1), 


*) N. H. Hasxety, The motion of a viscous fluid under a surface load, Part I, 
Physics 6, pp. 256-269 (1935); Part II, ibidem 7, pp. 56-61 (1936). HASKELL also 
considered the recovery after disappearance of the load. In the pictures he gives 
(part I, fig. 3, part Tl, fig. 2) one can already observe the appearance of positive 
ridges around the depression, which is also an outcome of the present paper. 


229 


with x=1/2048. In order to compare this with (25), we observe that 
U=Ado/2=Nd,/2L, so that w2=z72n2a2/4L2. Since this has been taken 
equal to xn”, we find: ay=2L\x/x=ca. 281 km. This value of a leads 
to a depression decreasing to 1 % of its central value at a distance of 
ca. 600 km, which was considered to represent a convenient practical 
case. The value of cy will be adjusted in such a way that the initial value 
of € shall be zero at the maximum distance from the centre, that is, 
at x=L. 
In order to obtain the values of Cy and cy we consider the series with 
Neco: es 
Ct-0) = Go t+Cx > exp (—xn?) cos anz/L. 
1 


This series converges very slowly owing to the smallness of x. It can, 
however, be expressed as follows: 


cen) = C9 +30 {P4(aa/2L,q) -_ L}, 


where #3 is a theta-function with parameter g=e*. With the aid of 
JACOBI’s imaginary transformation this formula can be changed into !°): 


2 a 707 0? Sey, 
Sit=0) = Co+ 40s | 5, ©XP (Zr) (>. e m2) = 1]. 


The series for the new #,-function converges extremely rapidly, so much 
that for all practical purposes it reduces to the value 1. Only for x=L 
(or very slightly below L) it approaches to 2, but for such values of x 
the factor exp (—2?x?/4L*) is practically zero. Hence we can write: 


Z uM a — 70 9 
(29) Ci-0) = So +3Cx yz exp (=) — oC. 


This gives the proper dependence of (4-9) on w, since comparison with 
(24) shows that we have come back to tip = 2LV x); further we find 
Cy =40,, while the maximum depth D of the depression becomes equal 
to 40,V a/x. Hence we find: C,=2DVu/n=D| 5120. 

Returning to the formula for t>0, we thus obtain: 


a 2DVx = glt TEN 
(30) F¢>C = ee a) COs a] 


with x= 1/2048. 

It must be observed that the presence of the term cy, which is connected 
with the definition of the zero level as the level to be found for t=0 at 
x=L, introduces a difference with respect to the integral expression, 
which referred to a disturbance in a region of infinite extent. In the case 
represented by form. (30) the final value of ¢ is equal to DV x/x, which, 
with D=620 m (see below), amounts to ca. 7,8 m. This is the resulting 


10) Compare E. T. Warrraker and G. N. Warson, Modern Analysis (3rd. ed., 
Cambridge 1920), § 21.51 (pp. 474-476). 
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constant final depression with respect to our definition of the zero level; 
it represents the original depression averaged out over the breadth 
20L=4,10* km. 

Since the series (30) converges very slowly, sixty terms were used, but 
even then it is found that ¢g)/c,= 0,17. The consequence of this cireum- 
stance was that the curves calculated for various values of ¢ showed 
undulations due to the neglected part of the series. To correct for this 
deficiency, the curve for {=0 has been smoothed so as to correspond 
to form. (24), while the curves for other values of t have been smoothed 
by averaging. When the results from the Mathematical Centre became 
known, it was found that there was a good agreement between the two 
sets of calculations. 

In order to find the appropriate values of D and y», we have followed 
VENING MerNeEsz 2), who chose the values: 


7700 B.C.) €=620 m=D | 


at r=0. 
1950 A.D. £=200m | 


According to the data of Table I for «=0, the value £,/ = 200/620 = 0,323. 
corresponds to t=dapgt/4v=0,530. Since t=9650 years=3,06.10" sec; 
g=9,8.10? cm/sec?; dy =281 km=2,81.107 cm, we find: 


vy ~ 4.107! em2/sec. 


The same result had been obtained with the aid of the Fourier series 
by inserting various values for ». It was found that with »= 4.1021 stokes 


TABLE II 


Form of the depression in meters for different times 

[according to the development into a Fourier series] 
ET 
7700 B.C. 5770 B.C. 3840 B.C. 1910 B.C. 20 A.D. 1950 A.D. 


0 km 620 438 342 27] 228 194 
208 km 405 253 185 138 108 85 
416 km qe —26 —54 —64 —66 —64 
625 km —16 —8] —87 —8] —71 —61 
833 km 18 —33 —3l1 —23 —14 —6 
1041 km —2 —39 —33 —23 —13 —6 
1250 km —l] —40 —30 —20 —1ll1 —B5 
1458 km 10 —13 —-4 d 10 13 
1666 km —B5 —17 —8 1 6 9 

1875 km —9 —22 —10 —4 1 3 
2083 km 6 —5 q 10 12 13 
2291 km 3 —B5 4 9 11 11 
2500 km —T —12 —3 2 4 5 
2708 km 3 —l a 10 ll 11 
2916 km 2 —] 8 i ll 1] 

11) The year 7700 B.C. for t = 0 was obtained by Vening Meinesz from an extra- 


polation with the aid of Niskanen’s formulae, Although these formulae can no longer 
be considered as valid, we will retain the result as starting point as the fit with 
the observational data is quite convincing. 
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a good agreement was reached, as will be evident from Table Il, which 
was calculated from the series. Smoothed curves giving ¢ as a function 
of x, for the values of ft mentioned in Table II, are represented in fig. 1. 
These curves show that on both sides of the original depression there is 
a rise of the surface above its original level. With advancing time the 
bulge moves inward and the breadth of the depression decreases. This is 
a consequence of the circumstance that the components with the longer 
wavelengths (smaller values of w in the integral, or of m in the series) 
disappear more rapidly than components with shorter wavelengths. 
NISKANEN’s result did not show this feature, which, however, was clearly 
demonstrated by the experimental results, to which we will come in 


section 7. 
(To be continued ) 


GEOPHYSICS 


ON THE PROBLEM OF THE POSTGLACIAL UPLIFT OF 
FENNOSCANDIA. II 


BY 


J. M. BURGERS anv B. J. COLLETTE 


(Communicated at the meeting of May 31, 1958) 


5. Development according to Legendre functions. As mentioned before, 
the Fourier series introduced in the preceding section can be considered 
as an attempt to bring into evidence the finite dimensions of the Earth. 
However, as soon as we consider the case of a depression on a spherical 
surface, the twodimensional treatment is not satisfactory. 

It is possible to develop a complete threedimensional treatment, by 
making use of the equations of motion for an incompressible viscous 
fluid as given e.g. in GoLDSTEIN’s Modern Developments in Fluid 
Dynamics !”), again neglecting the terms of the second degree. In order 
to obtain conformity with our previous notation, we shall use w for 
the radial velocity component, wu for the component in the direction of 
a meridian plane, and v for the component perpendicular to the meridian 
planes. The expressions (3) now have to be replaced by: 


u = —d@/ro6—d(r¥)/ror 
(31) vy = —d@/r sin 606 — d(rX)/ror 

w= —dO/dr+d(¥ sin 8)/r sin 696+ dX/r sin 6d¢. 
Since the calculations become rather complicated, we shall restrict our- 
selves to a brief consideration of the case with rotational symmetry, 


assuming v to be zero, while u and w will be functions of r and the polar 
angle @ only. The formulae given above then reduce to: 


— @/ro6— ddr — Pir 
— dr + d¥/rd6+ ¥ cot 6/r. 


U 


I 


(31a) = 


| 


We follow the simplified treatment in which the terms du/d¢ and dw/dt 
of the equations of motion are neglected. In this case we can put: 


(32) ® = A(r)-L(0); Y= Bir)-dL/d0, 


where L is a Legendre function of the polar angle 6; in the usual notation 
L=P,(z), with z=cos 6, n being the order of the function. Here A(r) 


12) §. Gonpsrery, Modern Developments in Fluid Dynamics (Oxford, 1938), 
Vol. I, pp. 104-105, form. (42)—(45). 
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and B(r) are functions to be determined from the equations. It is found 
that they must satisfy the equations: 


\ dr? r dr r2 


\ ( 2d - mn T)) A(r) =f 
(33) 


from which the following general expressions can be deduced: 

A= A,r+A,r~; 

B= Byr"+ Bor 1+ Bor? + Byer, 
If we suppose that the flow extends towards the centre of the Earth 
(r=0), we must omit the terms with negative powers of r and retain 
only those with the coefficients A,, B, and By. 


If we write A,+(n+1)B,=C; B,=D, it is found that the velocity 
components in this case can be represented by the expressions: 


| (meridional) 


u = {Or"1+ (n+ 3)Dr"*}.dP, /dz-sin 6 
(34) , 
(radial) 


w= —j{nCr* 14 n(n+1)Dr"*).P 

From the equations of motion the following formula is obtained for the 
pressure : 

(35) p = —2r(n+1)(2n+3)Dr* P, — V,, 

where V; is the potential of the gravity field within the Earth. If the 
form of the surface is given by 

(36) r= R+(=R+2ZP, 

(R: radius of the Earth; Z: a constant of the dimensions of a length, 


small in comparison with R), the following expression can be used for 
V; at the surface: 


(37) V, = const. + gt — ah SZE, 
are m 


where gy is the density of the surface layers and g,, the mean density of 
the Earth. In this expression the third term on the right hand _ side 
represents the influence of the surface masses Ca, for which purpose 
these masses are condensed into an infinitely thin spherical shell 13), 
As JV, is taken at the actual surface, we further have to add the second 
term, g¢, for the change of the (external) potential of a sphere with 
varying distance to the center. 


8) W. THomson and P. G. Tarr, Treatise on natural philosophy. Vol. I, part II, 
p. 84, Cambridge, 1883. 
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Equations (11) and (12) are now replaced by 14): 
Pro = v(du/dr—u/r+ dw/rd0) = 0 
(38) Pe = —p-+ 2v(ow/dr) = 0, 


at r= RC, 
The first equation gives: 
C = —n(n+2)DR?/(n—1). 


The second equation, in a similar way as before, leads to the relation 
between D and Z, the coefficient in formula (36) for the elevation (or 
depression) at the surface. One obtains: 


(39a) y= = PN an an 8) 27DRn 
(2n +1 —300/0m) g 


The expression for w, taken with r=R, gives d¢/dt, from which: 


(39b) dZ/dt = — DR™, 
Hence the following result is obtained for the coefficient k in the time 
factor exp (—kt) 15): 

~— R — 2nr+1—3eo/em) gk 
) a leg = (n—1)(2n?+4n+3) 2° 
The general formula for the case of a symmetrical depression now takes 
the form: 


(41) ¢ = 2c, exp (—k,t)P,,(cos 6), 


where the values of the coefficients c, must be found from the initial 
shape of the depression. If the latter can be expressed as a relatively 
simple function of cos 6, these coefficients can be calculated by making 
use of the orthonormal properties of the Legendre functions P,,(z). 


6. Influence of a finite depth of the viscous layer. The region of 
viscous fluid taking part in the flow certainly does not extend infinitely 
deep downward, nor to the centre of the Earth in the case considered 
in section 5. A better approximation to the real state of affairs is obtained 
when it is assumed that the region of flow is confined to a layer of finite 


14) See Goupstet, l.c. p. 108 form. (37). 

15) In a paper “On the Viscosity of the Earth’s Interior and Crust’’, Ann. Acad. 
Scient. Fennicae, Ser. A III, Geol. Geogr. 15 (1948), NiskKANEN has given a formula 
for a more complicated case, in which the crust is covered by a thin spherical shell. 
His formula (51) reduces to the expresssion given here, when the thickness of the 
shell vanishes, that is for s = 1 in Niskanen’s notation. 

An expression for a homogeneous Earth (for which g) = @,,) has been given, as 
is observed by NISKANEN, in a paper by G. H. Darwin, On the Bodily Tides of 
Viscous and Semi-Hlastic Spheroids and on the Ocean Tides upon a Yielding 
Nucleus, Phil. Trans. Roy. Soc. London A170, pp. 1-35. 
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depth, although even then the supposition of a constant value of the 
coefficient of viscosity represents a rather rough guess. 

In the case of a layer of finite depth it is necessary to complete the 
expressions given in (6) with terms with exponential functions increasing 
with z. At the same time we must introduce the additional condition 
that the velocity components u, v and w shall vanish at the bottom of 
the layer of viscous fluid. In view of the complication introduced by this 
condition it is useful again to neglect the terms d2/dt, dw/dt, dw/dt in 
eqs. (1). We omit the details of the calculation and mention that the 
following formula is obtained for /: 


) — g coshahsinhah—a«h 


(42 


2a cosh? ah+ath® ’ 


where / is the thickness of the viscous layer. The expression reduces 
to the value given in (16b) when / becomes infinite. It is valid both 
for the threedimensional case considered in section 2 and for the two- 
dimensional case, to which refer form. (25) and the Fourier series con- 
sidered in section 4. 

In the case referring to a spherical Earth, considered in section 5, it is 
necessary to keep the terms with negative powers of r, along with those 
having positive powers. The calculations do not present any intrinsic 
difficulty, but become rather lengthly; they have not been worked out 
completely. 

Returning to the Fourier series as given in section 4, it is necessary 
to multiply the exponent —kt= —gLt/2van of the time factor with the 
factor : 

cosh (a7nh/L) sinh (anh/L) —anh/L 
cosh? (7 nh/L) —(anh/L)? 


If h is assumed to be 2900 km, which is approximately the figure taken 
for the thickness of the mantle of the Earth, the correction factor has 
the following values: 


n factor n  tactor 
1 0,045 6 0,840 
2 0,208 Tien Ooo. 
3 0,395 8 0,954 
4 0,577 9 0,977 
‘ste Owed e: 10. 0,989, 


It thus appears that the effect of a finite depth of the viscous layer is 
virtually confined to the first 10 terms of the series. 

Although the calculations have not been pursued as far as in the case 
of infinite depth, the following results became apparent. The rising in 
the centre of the region is somewhat delayed, the effect, however, at 
t=1950 A.D. being not more than 1-2 % of the total rising. The coefficient 
of viscosity of the Earth therefore must be taken somewhat smaller 
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than was found above. The rate of rising is smaller in the first few 
thousands of years, but later on it becomes slightly greater than in the 
case of infinite depth. The rising zones on both sides of the depression 
are smaller, but the formation of the upward bulge continues for a longer 
time and this has the effect that at #=1950 A.D. the line of no movement 
(where w=0) is situated farther from the centre than in the case of 
infinite depth. Finally, the region outside the upward bulge first shows 
sinking, and only afterwards returns to its equilibrium position. 


7. Haperimental investigations. An experimental investigation of the 
motion of very viscous material was carried out in the following way. 
Heavy oil, ““‘Schoonebeeker Oil’, was cooled to 1° C, at which temperature 
it becomes very stiff. In the plane horizontal surface of the material a 
depression could be cut out in the form of a very flat cone. The temper- 
ature was then allowed to rise to room temperature (ca. 14° C), and 
the change of the form of the surface which set in with the smaller viscosity 
was observed. 

It appeared that while the depression became more shallow, there was 
at the same time a zone of rising material just outside the rim of the 
depression (compare fig. 2A, B). When the experiment was continued, 
the whole pattern gradually flattened out and both the depression and 
the temporary rim of elevated material disappeared. 
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A. Form of the original depression 


B. Form of the depression after some time 


Fig. 2 


When the material removed from the cone was deposited (at 1° C) on 
a flat surface of the material, it appeared, after room temperature had 
been reached, that the conical elevation gradually disappeared, while at 
the same time the surface outside of the original elevation sank down. 
Also this pattern gradually flattened out when time went on. 

These effects were in contradiction with NiskANEN’s formula, which 
gave a monotonous flattening, without the formation of an upward bulge 
around a depression, or of a circular groove around an elevated part. 

16 Series B 
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In order to eliminate the possibility that the observed change of form 
was influenced by an irregular, or by a too rapid, rise of temperature, 
the experiments were repeated in a pit of concrete filled with ca. 750 liters 
of ice, in which the bucket with oil was placed. After the melting of the 
ice the water and the oil very slowly took on the temperature of the 
surroundings. The results appeared to be the same and no dependence 
could be observed on the speed of temperature rise. 

It was also attempted to perform the experiment at a constant 
temperature of 1° C, but in this case the viscosity was so high that after 
two months still no flow could be observed. 

As mentioned before, the results deduced from the calculations are 
in accord with these experimental observations. 


8. Meaning of the results from a geophysical point of view. The 
principal outcome, both from the experiment and from the calculations, 
can be formnlated as follows: If the Earth’s mantle can be considered 
as a Newtonian fluid, then it may be expected that a positive bulge will 
appear around a depression, representing a part of the crust where a 
load has been taken away (as has occurred in Fennoscandia). This 
positive bulge will gradually move inward and will disappear again later 
on. The bulge should be marked in the gravity field by a zone of 
positive anomalies, bordering the negative anomaly and partaking in 
the rising. Its presence should be detectable in the history of the 
surface movements, i.e. in the diagrams of the fossile shore lines. 

Let us first consider the effect upon gravity. The height of the bulge 
in our time (see fig. 1) would be of the order of 50 meters, thus giving 
an anomaly of about +7 milligals. This is not much if we take into 
account that the effect of density irregularities in the crust may attain 
far greater amplitudes; hence it is to be expected that a positive wave 
in the gravity field of the amplitude mentioned above will be obscured 
by the uncertainty of the gravity anomalies due to the geological 
structure, especially in a geologically complicated area such as the 
Baltic shield. For this reason we will not try to separate off a positive 
zone from the total gravity field and we shall put the question differently. 

From out fig. 1 it is seen that the area covered by negative 
anomalies will be of smaller extend than the originally ice-covered region. 
On the other hand, if NisKANEN’s deductions would be correct, and also 
if the viscously behaving mantle would be of small thickness (form. 42), 
the depression would simply flatten out and the negative anomaly would 
thus cover an area of wider extend than the unloaded region. If we now 
consider the gravity map of Finland (see the map of free air anomalies 
in NISKANEN’s paper) and also the results of the gravity survey of the 


North Sea 1°), it can be seen that there is no tendency towards such a 

*) B. J. Cotterrn, The gravity field of the North Sea, in Gravity Expeditions 
at Sea, Vol. V, ed. by F. A. Venrnc MErNesz (Publ. Neth. Geod. Comm., in pre- 
paration). 


239 


broadening: on the contrary the area of negative anomalies seems to be 
smaller than the originally depressed area. It thus may be concluded 
that the gravity data in a general way confirm the correctness of our 
assumption concerning a great thickness of the viscously behaving mantle, 
and our calculations. 

With regard to the fossile shore lines a similar conclusion can be drawn. 
In our model the region of rising will gradually become narrower and 
this is what actually can be observed from the shore line diagrams given 
by Sauramo 1"): the younger shore lines cut the older ones at decreasing 
distance from the center of uplift. This inward displacement of the zero- 
isobase —the line of no vertical movement —has also been mentioned by 
MoveEt }8), who gives an estimate of 10-20 meters per year for this shift. 

The picture resulting from our model thus seems to be confirmed 
in its general features by the data. There are, however, also discrepancies. 
First, the uplift, as recorded by the shore lines, has not been continuous; 
also the positive bulge, which becomes apparant from SauRaMo’s fig. 9, 
has not developed evenly, but seems to have moved in in a rather cata- 
strophic way. These are features that cannot be explained by a viscous 
model; the introduction of a yield strength of the material, probably 
as a function of depth, may be needed. This will not be considered in 
the present paper. 

Another discrepancy is found in the rate of uplift with regard to time. 
Comparing, for instance, the change of rate of uplift in the center of the 
depression as derived from the model 1%) and as recorded geologically, 
it is seen that initially the actual rate of upheaval has been greater, and 
now is smaller, than what is found in the model (fig. 3). Various causes 


620m 


according to formula 


according to 
geological data 


200m 


7700.85C. 0 1950 A.D. 
Fig. 3 


17) M. Sauramo, Land uplift with hinge lines in Fennoscandia, Ann. Ac. Scient. 
Fenn. Ser. A. III, no. 44, 1955. 

18) F. Mopern, Gegenwartige Kiistenhebung im Ostseeraum, Mitt. Geogr. 
Gesellsch. Hamburg, 49, 1950. We have to take this inward movement Over a 
longer period, as a similar effect would be produced by a general rise of the sea level. 

19) See footnote 11). 
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may be responsible for this discrepancy. Our calculations have assumed 
a particular, two-dimensional, symmetric initial state, whereas the 
actual initial state will have been different. The initial motion will have 
been influenced by the irregular retreat of the ice. The assumption of a 
constant coefficient of viscosity will be too crude; as argued in section 6, 
the introduction of the discontinuity mantle-core evokes further com- 
plications. Incompressible flow is highly improbable: compressibility will 
delay the actual flow 2°). KuENEN #1), furthermore, drew attention to the 
circumstance that possibly the ocean floor will react isostatically to a varying 
load (the rising and the lowering of sea level resulting from the melting or 
from the growth of the ice); this implies that directed flow from beneath 
the oceans towards the unloaded regions is not to be precluded. Moreover, 
rising of sea-covered areas will not give a load equal to the density of 
the substratum times height, but equal to density substratum minus 
density sea water times height. This too will complicate the flow picture: 
it will favour the flow towards sea-covered regions. 

According to VENING MeErNesz a further reason for the discrepancy 
between calculation and observation may be sought in the presence of a 
transition zone in the mantle of the Earth, situated between 200 and 
900 km of depth, where the density increases from 3.3 to 4.0. If it is 
supposed that this transition zone represents a phase change of olivine, 
from the rhombic to a denser cubic phase, this may cause a petrologic 
rebound in the beginning of the movement and, as in the case of the 
elastic rebound, lead to a retardation of the rising. For a discussion of 
these matters we refer to HEISKANEN and VeNING MeErNgsz 22), 

All these circumstances make it virtually impossible to use the outcome 
of our calculations quantitatively for a discussion of the probable subsi- 
dence of our country. The only thing to be said is that important vertical 
movements as a result from the postglacial upheaval of Fennoscandia 
are not to be expected for the future and that the total amount of subsi- 
dence —i.e. apart from possible oscillations — until now probably was small. 
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1, INTRODUCTION 

In previous papers [1, 2, 3] it was shown that graphitic oxide has a 
constant composition independent of the type of graphite used as starting 
material. Moreover it was shown [4] that the evaluation of oxidation 
data leads to a number of possible structures for graphitic oxide. However, 
it did not seem possible to determine, on purely chemical evidence, 
which structure is the most probable. 

Therefore we investigated some physico-chemical properties of graphitic 
oxide such as the adsorption of water and the swelling of graphitic oxide 
accompanying this adsorption. The results of these investigations will be 
dealt with in this paper. 


2. ‘THE ADSORPTION OF WATER VAPOUR BY GRAPHITIC OXIDE 

The water vapour isotherms of graphitic oxide were obtained by putting 
the samples of dry graphitic oxides in several desiccators each containing 
a different sulphuric acid-water solution. The desiccators were placed in 
a room conditioned at 20°C. After the samples had thus been kept for 
4-6 weeks their water contents were determined by the K. Fischer 
technique. 

For the determination of the desorption isotherms a large portion of 
each sample of graphitic oxide was preliminary moistened by putting 
it in a desiccator containing pure water. After evacuating these desic- 
cators we put them aside for a few days after which period the weight 
of the graphitic oxides showed no significant increase. 

The following samples were investigated (for further details of the 
graphites used see ref. 2): 


two samples of Madagascar graphite, oxidized three and six times, 
particle size 0.11—-0.17 mm, designated 3H’ and 6 H’; 

one sample of E.D.M. graphite, oxidized three times, particle size 
=< 0.05 mm, designated 3 X; 

one sample of S-40 graphite, oxidized three times, particle size 
0.25-0.30 mm, designated 3 W. 


Figs. 1 and 2 give the water vapour isotherms of graphitic oxides 
3H’, 6H’ and 3X and 3W respectively. 
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These isotherms show some remarkable features which call for further 
examination. First, the desorption isotherms of all samples are identical 
in the region from P/P,=0 to P/P,=0.4. Secondly, all isotherms show a 
hysteresis loop; however, with the samples 6 H’ and 3 X this hysteresis 
loop is closed at a value of P/P,=0.4, but the hysteresis loop of the 
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Fig. 1. Water vapour isotherms of graphitic oxides 3H’ and 6H’. 
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samples 3 H’ and 3 W are only closed at a value of the relative pressure 
near zero. 


It is, however, very unlikely that hysteresis at low P/P, values should be 
caused by capillary condensation. On the contrary, it is much more probable 
that this hysteresis is a consequence of the fact that the adsorption 
equilibrium has not been reached, even not during six weeks’ conditioning. 
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Fig. 2. Water vapour isotherms of graphitic oxides 3X and 3W. 
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This assumption is corroborated by the fact that the isotherms of graphitic 
oxides 3 X and 6 H’ do not show hysteresis at low P/P) values. Graphitic 
oxide 3X is prepared from E.D.M. graphite having small particles 
(<0.05 mm) and graphitic oxide 6 H’ is a sample oxidized six times. From 
microscopic observations we know that repeated oxidations result in a 
decrease of the particle size. So with small particles of graphitic oxide 
the adsorption equilibrium should be reached sooner than with large 
particles. Experimentally we verified this assumption by conditioning 
some samples of graphitic oxides 3 H’ and 3 W during half a year. It 
appeared now (see Figs. 1 and 2) that no hysteresis is observed in the 
region of low P/P, values. The same experiments with two samples of 
graphitic oxide 3 X did not result in an increase of the water content of 
these samples. 


3. WATER SORPTION AND THE B.E.T.-EQUATION 

In view of the large amounts of water adsorbed and of the large one- 
dimensional swelling which graphitic oxide exhibits during adsorption of 
water there is no doubt that the sorption of water between the laminae 
of graphitic oxide is multimolecular. All desorption isotherms are of the 
type ILI described by Brunaver [5]. From the B.E.T. equation [6] 
a v,,-Vvalue of 162 mg of H,O per gram of graphitic oxide can be calculated. 
With a molecular area of 10.8 A? for an adsorbed H,O molecule [7] this 
would lead to a specific surface area of 585.1 m? per gram. If this figure 
has any significance it should be compared with the total area of all 
laminae. 

The theoretical lamellar surface of a gram graphitic oxide can be 
calculated as follows: the unit weight of graphitic oxide C,O,H, is 150; 


yet : ; DAS. IOS : 
so one gram of graphitic oxide contains —— of these C,0,H, units. 


150 
Supposing that the original graphite lattice has not been disturbed by 
the oxidation '), one unit of C,0,H, corresponds to 7/2 graphite hexagons. 
The molecular area of one unit of C,0,Hg, therefore, is 4 x 5.25=18.4 A?, 
if only one side is taken into account. As, however, the adsorption of 
water between the layers occupies both sides of all laminae, we may 
visualize the unimolecular layer, corresponding to v,, to be spread over 
both sides of all units, so that the lamellar surface area is as large as: 


oe x 2x 18.4 x 10-” = 1476.8 m* 


per gram of graphitic oxide. 
If, on the other hand, the amount of water, corresponding to v,, would 
only amount to one layer of water molecules, creating the capillary and 


1) Further on we shall see that this assumption is not entirely correct. However, 
the eventual conclusion of the discrepancy between the “nitrogen surface’’ and 
the ‘‘water surface’’ remains qualitatively unchanged. 
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filling it at the same time (swelling), the theoretical surface area would 
be 738.4 m*® per gram of graphitic oxide. 

The B.E.T. method thus leads to a far too low value for the specific 
surface unless we suppose that an adsorbed H,O molecule has the unlikely 
high molecular area of 27 A? or of 13.5 A® respectively. 

As, however, 6 different samples of graphitic oxide, prepared from 3 
different types of graphite, all have the same v,,-value for the water 
vapour adsorption, this seems a strong indication that the sorption of 
those water molecules which correspond to the v,,-value of the B.E.T. 
method, takes place on some specific groups. Therefore it is probably 
more convenient to express the v,,-value as 1.35 mol H,O per unit of 


C,0,H,. 


4. THE OUTER SURFACE AREA 
The outer surface of the samples of graphitic oxide may also play a 
role in the adsorption of water. Therefore we determined the N, adsorption- 
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Fig. 3. Adsorption- and desorption isotherms of N, on graphitic oxide 6H’, before 
and after grinding. 
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desorption isotherm at — 196° C from two samples of graphitic oxide 6 H’. 
The particle size of the first sample was between 0.06 and 0.12 mm; the 
particle size of the second sample, obtained by grinding a part of the 
first sample, was smaller than 0.04 mm. We also determined the water 
vapour isotherm of the second sample and found just the same v,,-value 
as for the first sample, i.e. 162 mg of H,O per gram of graphitic oxide. 
The two N, isotherms (see fig. 3) were, however, not exactly the same; 
the specific surface areas according to the B.E.T. theory are 74.8 and 
80.7 m® respectively. As a result of the grinding the N, surface area has 
increased by about 10 °% and yet no change in the v,,-value for the water 
adsorption was found. 

From the N, isotherm of the original sample we calculated the pore- 
distribution according to Barrerr, JoyNeR and Hauenpa [8]; this 
differential pore-distribution curve is given in fig. 4. We see that pores 
having a diameter of 22 A make the greatest contribution to the total 
pore volume. 


IV x 10% em/A 
dr 


10 20 30 40 50 60 70 pore rading (A) 


Fig. 4. Differential pore distribution curve of graphitic oxide 6H’, calculated 
according to BARRETT, JOYNER and HALENDA. 


5. THE ONE-DIMENSIONAL SWELLING OF GRAPHITIC OXIDE IN WATER 


The one-dimensional swelling of graphitic oxide by adsorption of water 
is well known [9, 10]. We investigated this swelling by means of X-rays 
using the same samples of graphitic oxide as described in the preceding 


section. 
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After the usual conditioning at different relative vapour pressures, 
the various samples of graphitic oxide were put as quickly as possible 
into Lindemann tubes; afterwards these tubes, containing the graphitic 
oxide, were again conditioned at the required relative vapour pressures. 
Finally, after 3-5 days we made the powder diagrams; monochromatic 
radiation (Cr, A= 2.278 A) by means of a Fe filter was applied. The radius 
of the camera was 84 cm and the time of exposure was 4 hours. 
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Fig. 5. c-spacing as a function of the content of water in graphitic oxide. 


oe : ; 

Fig. 5 gives the curve relating to the experimentally found c-spacings 
with the water content of the samples (calculated per gram of dry graphitic 
oxide). This curve reveals a number of interesting aspects: 


J. H. DE BOER and A. B. C, VAN DOORN: Graphitic ovide. V 
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Fig. 6. Electron-microscopic photo of graphitic oxide, 
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1) graphitic oxide containing about 4 °/ water has the same c-spacing 
as absolutely dry graphitic oxide; 

2) the uptake of, roughly, 16 °% water (about the v,,-value of 
16.2 %) causes only a small increase in c-spacing. From this point onwards 
the swelling increases linearly with increasing water content; 

3) all the samples investigated show the same degree of swelling 
rontgenographically. However, the macroscopical degrees of swelling of 
these samples differed widely. The following order was observed for the 
macroscopical degree of swelling: 3 WS 3 H’+6H’+3X: 

4) the swelling is definitely continuous; this is in contrast with the 
well-known swelling of the clay-mineral montmorillonite [11, 12]; 

5) the space formed by the swelling is insufficiently large to contain 
all adsorbed water. For example a sample of graphitic oxide containing 
16.2 ° H,O has a c-spacing of 6.8 A. The increase in spacing is, therefore, 
0.5 A. The newly created space is thus: 

OL0Z pal O22 


= < 18.4 x 0.5 x 10-24 = 0,037 ml. 
150 


If the density of the adsorbed water remains equal to 1, the volume 
of the adsorbed water is 0.164 ml. This means a deficiency of 0.164 — 0.037 = 
0.127 ml. When the same calculation is applied to samples containing 
28.0 and 36.0 % H,O respectively, increases in volume of 0.148 and 
0.229 ml are found. The differences as compared with the volumes really 
required by the adsorbed water are there 0.132 and 0.131 ml, respectively ; 

6) graphitic oxide containing 16.2 % H,O (i.e. the v,,-value) has a 
c-spacing of 6.8 A. However, graphitic oxide containing 32.4 % H,O 
(i.e. twice the v,,-value) has a c-spacing of 8.9 A. The adsorption of the 
first statistical monolayer is accompanied only by an increase of 0.5 A 
of the c-spacing whereas the adsorption of the second statistical monolayer 
is accompanied by an increase of 8.9—6.8=2.1 A. This latter value is 
also found by Henpricks et al. [11] for the swelling of montmorillonite 
in water. 


6. CONCLUSIONS 

a) The increase of surface area by oxidation 

As it is very unlikely that the heat of adsorption of N, on graphitic 
oxide at — 196° C is sufficient to swell the graphitic oxide, we suppose 
that the nitrogen surface area represents the area of the outer surface 
of the graphitic oxide. In view of the fact that the N, surface area of the 
original graphite samples is only 1.5 m? per gram we have to give an 
explanation of the enormous increase of the outer surface area to about 
80 m2/g, caused by the oxidation to graphitic oxide. We know that the 
particle size decreases during the oxidation; if we consider the particles 
as cylinders having a radius r and a height h, then it is easy to see that 
a decrease of 50 % of the radius r (h remaining the same) corresponds 


to an increase of the total cylindrical surface area per gram by a factor 
of only two. As the surface area of the original graphites is only 1.5 m* 
per gram one can readily see, taking into account the shape of the flakes, 
that the cylindrical surface areas of these graphites are only of the order 
of 0.1-0.2 m? per gram. A tenfold decrease of the radius 7 of the graphite 
flakes during the oxidation thus corresponds at the utmost to a twenty- 
fold increase of the cylindrical surface area!), i.e. this area is about 
2-4 m? per gram of graphitic oxide. We can safely neglect this small increase 
and we must conclude that the increase of the outer surface area is 
essentially due to a splitting up of the graphite layers along their base 
planes, during the oxidation. The graphitic oxide flakes, therefore, are 
essentially thinner than the original graphite flakes. This is in complete 
accordance with the manner in which the graphitic oxide is prepared. 

Similarly, it can be understood that grinding of graphitic oxide has 
no influence on the v,,-value of the water sorption isotherm but, never- 
theless, a definite influence on the v,,-value of the nitrogen sorption 
isotherm. For, during grinding there will also occur a splitting-up of the 
graphitic oxide along the hexagon layers and in this manner part of the 
inner surface (which, together with the outer surface, is used by water 
molecules which are sorbed) now becomes part of the outer surface and 
can be measured also by the nitrogen sorption isotherm. The nitrogen 
adsorption, therefore, takes place on the surfaces of the particles, the 
water sorption on the surfaces and along all laminae of the particles. 


b) The flexible character of graphitic oxide 

The swelling of graphitic oxide by the adsorption of water vapour 
will be discussed at full length in the next paper; at this moment we 
will only discuss a few points. 

If we suppose that the graphitic oxide layers, as a result of the oxidation, 
have become flexible, the peculiarities described sub 4), 5) and 6) of the 
preceding section 5 can easily be explained (see the next paper in this 
series). There are, indeed, some reasons for assuming that the hexagon 
layers in graphitic oxide are flexible. In the first place, as a result of the 
uptake of oxygen by graphite a number of the double bonds originally 
present in graphite must have disappeared. We know from the investi- 
gation of HormaANN, FrenzeL and CsaLan [13] that the specific electrical 
conductance of graphite, measured in the direction perpendicular to the 
c-axis, is 10° times as large as that of graphitic oxide measured in the 
same direction. 

Secondly, it is possible to prepare membranes of graphitic oxide by 
carefully drying a gel of graphitic oxide. These membranes themselves 
are very flexible and can be obtained in any size. 


) Graphitic oxide contains 56 % C; in the ideal case that graphitic oxide is 
prepared from graphite with a yield of 100 % the surface area, calculated on the 
quantity of carbon, therefore, becomes twice as large. 
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Finally, electron-microscopic photographs (see e.g. Fig. 6) show clearly 
that graphitic oxide, on this scale too, is quite flexible. 

If, however, a number of double bonds has disappeared during the 
oxidation, we must assume that the strictly aromatic character of the 
original graphite has been lost in the graphitic oxide. Réntgenografically 
it is not easy to decide whether the hexagon layers in graphitic oxide are 
aromatic or hydro-aromatic in character. From the (200) and (020) 
reflections Hormann and Horst [14] calculate a C-C distance in the 
lamellar plane of 1.44 A; in graphite this C-C distance is 1.42 A, whereas 
in hydro-aromatic six-membered rings it is 1.45 A (calculated as a pro- 
jection on the lamellar plane). 

The most salient fact of the swelling in water is the discrepancy between 
the calculated volume of the adsorbed water and the space really newly 
created by the swelling. Three explanations may be offered for this 
deficiency : 

a) the density of the first 16.2 °% of adsorbed water is much larger 
than unity. This is very unlikely; 

b) the first 3.7 9 of H,O are, indeed, absorbed in the lattice and the next 
12.5 % are adsorbed on the outer surface; this means that each graphitic 
oxide particle has in this stage a water layer of about 6 molecules thick. 
This, too, is very improbable; 

c) the rontgenographically determined c-spacing is wrong; that is 
to say: the c-spacing determined in this manner is only an average 
value and does not represent the actual situation. 

This last explanation is the most probable and will be discussed in our 
next paper. 
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CHEMISTRY 


THE INFLUENCE OF CHARGE FLUCTUATIONS ON THE 
TRANSFERENCE NUMBER AND ELECTRICAL CONDUCTANCE 
OF PROTEINS AND OTHER WEAK POLYELECTROLYTES 


BY 


G. A. J. VAN OS anp W. MOLLER 


(Communicated by Prof. J. Tu. G. OvERBEEK at the meeting of May 31, 1958) 


In protein- and other weak polyelectrolyte solutions the molecules 
carry a charge which fluctuates around a mean value. Although this mean 
value must be equal for all polyelectrolyte molecules present in the 
solution, there will be at any moment molecules which carry a charge 
deviating from the mean charge. The influence of these charge fluctuations 
and fluctuations in charge distribution on the dielectric increment of 
protein solutions and on the forces between the molecules in these solutions 
has been recognized, and investigated theoretically, by KirKwoop and 
SHUMAKER [1]. 

As a result of some investigations on proteins, carried out in our 
laboratory with the aid of conductance and transference measurements 
[2, 3] the question arose, whether these charge fluctuations could have 
any influence on the transference numbers and electrical conductances of 
proteins and other weak polyelectrolytes. 

To investigate this problem, we shall consider a polyelectrolyte solution, 
containing » molecules per cm’. The charge of a molecule will be denoted 
by ze (where « is the protonic charge, and z is the valence, sign included), 
the fraction of the molecules with this charge ze by f,, and the mean 
charge of a molecule by 2. 


Specific conductance 

The mobility (velocity in an electric field of 1 Volt/em) is a function 
of the charge: v=v{z}. The sign of v{z} is the same as that of z. We shall 
further make the assumption that the life of a molecule with a charge 
z is long compared with the time needed to reach the velocity v{z}. The 
charge transported per second through 1 cm? by the polyelectrolyte 
molecules in a field of 1 Volt/em can now be written as: 

h = d fnzevr{z} 
& 
and since ¥f,v{z}=0, where 6 is the mean mobility, we may write: 
Zz 


q = nezo+ne > f,(z—Z)v{2}. 


17 Series B 
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Besides the polyelectrolyte ions, the solution will contain j species of 
other free ions. When n,; is the number of free ions per cm® of species 7, 
z; their valence, sign included, and v,; the mobility with the same sign 
as z;, the charge transport by these ions is: 


Jo = 2 M8250; 
i 
with the electroneutrality condition: nZ+ > n;z; = 0. 


j 
The specific conductance of the solution now becomes: 
(1) 4= G+, = nezi+ne > f,(z—Z) v{z}+ ¥ nj ez;0; 
z j 


In this equation the first two terms represent the contribution to the 
conductance, due to the presence of the polyelectrolyte molecules. The 
first of these two terms is the contribution to the conductance when all 
the p.e. molecules would have continuously the mean charge 7 and the 
mean mobility 6. The second term represents the contribution due to 
the charge fluctuations around the mean value. Since > f.(z—Z)=0, this 


z 
term will be zero when v{z} = constant ie. when the mobility is independent 


of the charge. Generally, however, v is an increasing monotonic function 
of z, resulting in a positive value for the second term. 


Transference number 


When we define the transference number of the polyelectrolyte as the 
fraction of the total current transported by the p.e. molecules, we obtain: 


nezv-+ne > f(z—zZ) v{z} 


(2) Pe 

2 U1 + x 

The fraction of the total current transported by the other ions will 
then be 1—T7. In a practical transference experiment, however, carried 
out for instance by means of the Hittorf method, we measure the total 
number of polyelectrolyte molecules n, which is transported relative to 
some frame of reference, usually the solvent. In a field of 1 Volt/em 
this number (per sec. and per cm2) will be: 


Ny = > fnv{z} = 00 


According to the customary definition of the transference number as 
given for instance by Hartiey and Mortirer [4] and discussed exten- 
sively by SvENsson [5. 6] the transference number of the polyelectrolyte 
is calculated by dividing the product of n,, and the mean charge carried 


by these molecules, by the amount of electricity passed through the 
solution. 


Thus 
(3) t of NEZD 


From expression (2) and (3) it is clear that ¢ and T are generally not 
identical. The difference 


ne > f(2—2) v {2} 
z 


(4) Lat = 
4 
is caused by the charge fluctuations. It should however be noted that 
these fluctuations are possible only, because there are interactions between 
the polyelectrolyte molecules and one or more of the other ionconstituents 
present in the solution, among which hydrogen ions will generally play 
an important role. Thus, when the practical transference number according 
to expression (3) is attributed to the polyelectrolyte, the difference 7'—/ 
from expression (4) must be interpreted as the change in transference 
number of the ions which interact with the polyelectrolyte molecules. 


Two simple cases 

The influence of the charge fluctuations on the electrical conductance 
and on the transference number will be most pronounced in those cases 
where the concentrations of the j-ions and the mean charge of the poly- 
electrolyte molecules are small. These conditions are most completely 
satisfied by a salt-free isoionic protein solution with an isoionic point 
close to 7, for instance conalbumin. In this case the mean charge is very 
close to zero and when the protein concentration is not too low, the contri- 
bution of the free hydrogen- and hydroxyl ions to the conductance may 
be neglected. Then, equation (1) reduces to: 


i= Ne > jf 2Uie 
z 


Since in the isoionic region the mobility with good approximation will 
be proportional to the charge i.e. v{z}=az where a is the mobility at a 
charge of one protonic unit, we obtain: 


ja ed > 1,22 


Here > [eae and thus the specific conductance is determined by the 
z 


mean square charge of the protein molecules. The transference number 
T of the protein, as defined by equation (2), is in this case unity. However, 
the practical transference number ¢ as defined by equation (3) will be 
zero in this case, since no mass transport will be found. As already pointed 
out the electricity passed through the solution is in this interpretation 
almost exclusively transported by the ions which are interacting with 
the protein molecules i.e. the hydrogen ions, which must have a trans- 
ference number close to unity. 

As another special case we will consider a salt-free albumin solution 
(isoionic point about 5) which is brought to pH=7 by addition of NaOH. 
Here the contribution of the free hydrogen- and hydroxylions to the 
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conductance may be completely neglected, but now the protein molecules 
carry a mean negative charge and so equation (1) becomes: 


w= neZ0+ne > f(z—Z) v{z} + Ny Eye 
with nzZ+ ny, = 0. 
When the charge distribution around the mean value is not too “broad” 
we may write with good approximation: 
d 
v{z} = 6+a(z—Z) where a = a. 


Hence: 


and because > f,(z—Z)=0 


x= nez0+nea > f,(z—Z)* + ny, EVy,- 
Zz 


It can be easily shown that Y f(z-22=2-2 and consequently : 


(5) x = nez0+ nea(z*—Z*) + ny, Evy. 


The second term in this equation represents the contribution to the 
conductance, due to the charge fluctuations. Its magnitude is determined 
by the value of a and by the difference between the mean square charge 
and the square of the mean charge. The transference number 7' of the 
albumin, as defined by equation (2) is: 


T nez0+nea(z?— Zz?) 
alb ~— 7 . 


When however the transference number ¢, as measured in a Hittorf 
experiment, is attributed to the protein we have: 


NEZO 


tam a 


The transference of the sodium ions, assuming they are not bound to 
the protein, will be found to be: 

Na yy * 

In this interpretation the sum of f,,, and ty, is not unity, because a 
certain amount of electricity is transported as a result of the charge 
fluctuations, and since the hydrogen-ions are supposed to be responsible 
for these fluctuations, they must have the transference number: 


(6) = nea(z? —22) 


Discussion 


As has already been pointed out, the influence of the charge fluctuations 
on electrical conductance and transference number, will become of 
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increasing practical importance with decreasing conductance of the 
solution. Thus, for instance, for salt-free protein solutions of low mean 
charge. When in such a case the transference number of the protein has 
been measured and we wish to know the transference number of the 
counterions, the fluctuation term has first to be estimated, before applying 
the rule: }t=1. To make an estimation of this correction, we must 
dv{z} 


») 
ra 


know the value of z?—2 and of a=—= (see equations 5 and 6). The 


dz 
latter can be found from the slope of the v=v{z} curve, measured by 
means of the Hittorf or moving boundary technique. When only protons 
are bound by the protein, the most simple way to find z?— 2 is, to make 
use of an equation, derived by LinpERsTReM—LaANG [7], which can be 
written in the form: 


(7) aan = 2,303 (2? —2). 


Thus z*—2* can be determined from the slope of the titration curve. 
When the number of the various types of dissociable groups of the protein 


molecule and their intrinsic dissociation constants are known, z?—2Z* 
can also be calculated, though less accurately, by using equations derived 
by Kirkwoop and SHuMAKER [1], or by following the method described 
by Epsatu [8]. 

When, on the other hand, the transference number of the counterions 
is measured independently, it would be possible to determine the value 


of z2—zZ? experimentally, and compare this with the value computed 
from the titration curve or from the number and dissociation constants 
of the various groups of the protein, or with the values found by means 
of other independent methods. Such measurements have been carried out 
by TimasHeFF, Drytzis, KiRKwoop and CoLEMAN [9] on isoionic serum 
albumin solutions, and by TrasHerr and Tinoco [10] on isoionic con- 
albumin using the light scattering technique. The results however, 


(22)* = 3,58 for serum albumin and 3,55 for conalbumin, do not agree 
with the mean square charge calculated from the titration curve or from 
the number and dissociation constants of the various groups, which in 
the case of conalbumin are about one half of the light scattering value. 
A measurement of the mean square charge by means of conductance 
and transference experiments would therefore be of interest. 

There remains to be discussed one point which might complicate the 
interpretation of these measurements. The derivation of the equations 
for the specific conductance and the transference number was based 
upon the assumption that the life of a molecule with charge z is long 
compared with the time needed to reach the velocity v{z}. This assumption 
is necessary, because, if the life of a molecule were short compared with 
this time, all molecules would have the mean mobility 6, and the fluctu- 
ation term would vanish from our equations. The order of magnitude of 
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this time can be estimated by considering a spherical ion with charge z 
placed in an electric field. This will start with an accelerated motion, 
which, owing to frictional forces, will gradually pass into a uniform motion 
with velocity vfz!. When Stokes’ law holds, the time constant of this 
starting period is: 

m 


i sec 
627 


where m is the mass of the ion, 7 its radius and 7 the viscosity coefficient 
of the solvent. For proteins like serum albumin and conalbumin with a 
radius of about 30 A, 7 is of the order of 10-1? sec. It is, however, difficult 
to say whether the life of an albumin molecule is long compared with 
this time or not. For simple weak electrolytes, as for example acetic acid, 
this condition seems to be satisfied. In a solution of acetic acid, each 
molecule will be in the dissociated state during a fraction x of the time, 
(a=degree of dissociation) but since it is continuously giving up and 
taking on a proton from the surroundings, the actual life of a particular 
acetate ion might be very short. Now the ionization constant K of acetic 
acid has been determined by means of conductance measurements, using 
the mobility of the acetate-ion as found in completely dissociated salts 
of acetic acid, and since the value of K found by this method is in very 
close agreement with that found from E.M.F. measurements, it seems 
reasonable to conclude that in weak electrolytes the life of an ion is 
long compared with the time constant rt. In the case of an acetate-ion 
with a radius of 2-3 A, t is of the order of 10-™ sec and thus the life of 
an acetate-ion in acetic acid must have a minimum value of the order 
of 10-" sec. For the various groups of a protein molecule minimum lives 
of the same order of magnitude may be expected, but since the charge 
of the molecule is determined by a large number of groups, which are 
all continuously exchanging protons with their surroundings, an estimation 
of the minimum life of an albumin-ion remains uncertain for the present. 
Experiments as suggested above, may possibly give information about 
this question. 


Summary 


Equations for the electrical conductance and transference number of 
weak polyelectrolytes are derived, taking into account the fluctuations 
in charge of the polyelectrolyte molecules. Evidence is obtained that the 
influence of these fluctuations is characterized by the difference between 
the mean square charge and the square of the mean charge 2 —2Z*, and 
becomes particularly important in polyelectrolyte solution without salt 
and of low mean charge, for example salt-free protein solutions. A possible 


determination of 2?—% from conductance and transference experiments 
is discussed. 
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GEOLOGY 


REMARKS ON INCLUSIONS IN AN AQUAMARINE 
BY 


P. C. ZWAAN 


(Communicated by Prof. I. M. vAN DER VLERK at the meeting of May 31, 1958) 


Introduction. In my quality of director to the laboratory of the 
“Stichting Nederlands Instituut voor Wetenschappelijk Onderzoek van 
Edelstenen en Paarlen” established at the “Rijksmuseum van Geologie 
en Mineralogie” at Leiden, I am sent many stones for identification. 
Numerous stones that are handed in for investigation have no scientific 
value whatever, but a few are interesting for some reason or other. 

The aquamarine in question was sent in by J. M. Lucarprp, N.V. at 
Rotterdam and I am indebted to the manager of this firm, Mr. G. J. M. 
BERGMANS, who was so kind as to place the stone at our disposal for 
publication. 

Further I wish to give thanks to my colleague Mr. P. J. M. Yrma, 
for his valuable aid in identifying the nature of some inclusions. 


Description of the stone and its properties. The aquamarine has a rather 
light sea-bluish green colour, it has a pillowshaped outline and is trap cut. 
Its weight is 6.11 carats, the size is 11.2 x 9.8 x 7.6 millimeters. Its 
origin is unknown. 

The specific gravity is 2.693, which is a normal value for an aquamarine. 
This property was carefully measured by hydrostatie weighing, ethylene 
dibromide being used as an immersion liquid. 

As regards the optical properties, the refractive indices were observed 
on an Anderson—Payne spinel refractometer. They appeared to be 
No=1.578 and Ne=1.572, measured on the table of the stone. From 
these values the double refraction proved to be 0,006 in this case. This 
corresponds to the fact that the table is almost parallel to the crystallo- 
graphic c-axis of the original crystal. 

For the optical orientation of this table use was made of the inter- 
ference figure. It may be useful to point out that, especially with uniaxial 
gemstones, it is often possible to get an interference figure. This is not a 
new idea, but it seems sufficiently important to mention it again. For 
the orientation of grains in a powder preparate or in a thin section this 
method is often used, as is generally known. By working in a certain way, 
however, one can get an interference figure in cut stones. To this purpose 
the stone is put in a catch, which revolves round its axis and e.g. put 
through a cork is mounted in an immersion cell. When using an objective 
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with a not too high magnification and observing the stone in convergent 
polarized light with condensor switched on one may obtain an inter- 
ference figure by turning the stone in all directions. 

When proceeding in this way one may get the uniaxial interference 
figure with the stone in question. Moreover the optical character may be 
determined in the usual way (with a mica plate). For this aquamarine 
it is negative, as might be expected. 

The pleochroism of the stone is rather weak, N, is yellowish and N, is 
bluish. This property is somewhat weak, which is also due to the fact 
that the colour of the aquamarine is not very intensive. 

The absorption spectrum does not have any diagnostic value. Viewed 
through a Chelsea colour filter the stone shows a distinctive green colour. 


The inclusions. Both the nature of the inclusions and the occurrence 
in this stone are very interesting. In gemmology much attention is always 
paid to the several kinds of inclusions. They often indicate that a stone 
is natural or synthetic. 

It is somewhat different with rough minerals; although in the last 
century already the occurrence of liquid and gas inclusions was described, 
among others by SorBy and VOGELSANG, not so much attention has been 
paid to it of late. This may have been due to the fact that investigations 
with polarized light became of greater interest. A change has taken place, 
however; in recent times much work has been done in this field, among 
others by [yGERsSon (1947) and Detcua (1955). They developed a few 
methods for the investigation of inclusions that might throw some light 
on temperature conditions by which minerals were formed. In this country 
BrINcK (1955) in the same way made study of the liquid and gaseous 
inclusions in the quartz of gold bearing quartz veins of different types 
and from different places in Surinam. 

GUBELIN (1957), in imitation of LAEMMLEIN (1929), made a division 
for inclusions in gemstones in two main groups, according to the genealogy 
of inclusions 1. primary inclusions and 2. secondary inclusions. These two 
main groups are divided into sub-groups. With many examples and 
excellent illustrations the sub-groups are described. In this paper we 
shall keep to the inclusions occurring in aquamarine, which he described. 
GUBELIN states that in aquamarine healed cracks are often met with, 
lying either parallel to the basal plane or the prism, each having an 
entirely different character. The first cracks have the typical character 
of a droplet pattern, the latter consist of extended parallel liquid filled 
tubes. Although, according to GtBELIN, these two kinds of inclusions 
are of secondary origin it would be rather difficult to distinguish the liquid 
filled tubes from the very similar type of primary autogenetic liquid 
filled straight capillaries, which were formed by the skeleton growth of 
aquamarines, were it not for the tell-tale pattern of healed fissures con- 
sisting of long, extended yet interrupted, irregularly shaped tubes sur- 
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rounded by a collar of tiny liquid drops in the thinner part of the wedging 
fissure where the remedial action began. 

Before describing the inclusions in the aquamarine in question we 
should mention a paper by CAMERON, RowE and Wels (1953) on secondary 
and apparently primary fluid inclusions occurring in quartz and beryl 
from certain pegmatites of Connecticut. 

They conclude that the beryl in the pegmatites studied contains three 
principal types of inclusions, that is: 

a. Disseminated negative crystals or tubular inclusions, which are 
crystallographically oriented; these inclusions are probably primary. 

b. Disseminated rounded or irregular inclusions; these may be either 
primary or secondary. 

c. Inclusions along healed fractures, these are secondary. 

According to CAMERON, Rowe and Weis, inclusions of type @ consist 
either of two phases or of two liquid phases and a vapour phase at room 
temperature. In the latter case one liquid phase disappears at about 
31°C, hence appears to consist essentially of liquid carbon dioxide. 
Limited data suggest that inclusions of types 6 and ¢ are comparable 
to those of type @ in composition and behaviour and hence were probably 
also formed during the period of pegmatite crystallization. Further they 
state that it is difficult to obtain absolute proof that inclusions in pegmatite 
minerals are primary, while several questions must be answered before 
inclusions in pegmatite minerals can be accepted as true samples of the 
liquids from which pegmatites crystallize. 

The data given by GOBELIN and by Cameron, Rowg and WeIs show 
that it is often extremely difficult to determine whether certain inclusions 
are primary or secondary. It is the same with the inclusions in the aqua- 
marine we are going to describe here; this will appear from the following 
data. 


Occurrence and nature. Oriented parallel to the crystallographic c-axis 
of the original crystal, one plane may be seen containing negative crystals, 
tubular and irregular inclusions (see fig. 1) }). 

The long axes of the tubes and most of the negative crystals run 
parallel to the c-axis, the rest of the negative crystals and irregular 
inclusions are oriented in some other directions, e.g. perpendicular to 
the c-axis. 

Part of the tubular inclusions are filled with probably one liquid phase 
and a vapour phase, the rest are hollow. 

The negative crystals are filled with three phases, although the third 
cannot always be ascertained because the inclusions are so minute. At 
room temperature there are two liquid phases and a vapour phase. 
Experiments have shown that one liquid phase disappears when slightly 
heated (to ¢. 30°C), so that we may take this to be liquid CO,. 


") The photographs were carefully made by Mr. B. F. M. Coxuzer. 


P. C. ZWAAN: Remarks on inclusions in an aquamarine 


40. 


Fig. 3. The same forms as in fig. 2. x 100. 
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The irregular, sometimes rounded, inclusions have the same composition 
as the negative crystals mentioned above. 

However, the greater part of the inclusions does not run parallel to 
the c-axis but to the basal plane. Five large, four smaller and about 
twelve very small planes may be observed, strictly oriented parallel to 
(0001). 

In fig. 1 one may see two of these planes, but in fig. 2 two of them 
are clearly recognizable. All these planes are connected with the exterior 
of the stone. They all contain irregular droplike forms. These “drops” 
have rounded forms and outlines corresponding with directions of the 
hexagonal prism (see fig. 3). In many of these “drops” one may observe 
sixsided small parts that are hexagonal shaped or somewhat stretched. 
We therefore suppose that these planes (lying in a direction of poor 
cleavage in beryl) were originally filled with liquid. This liquid disappeared 
somehow, which would also explain the total reflection occurring similarly 
for all “drops”, and the colours due to iridescence visible in all “drops” 
in the same direction. After this action recrystallization of beryl would 
have taken place. 

Finally a liquid feather may be observed, which is not oriented to 
crystallographic directions and strongly resembles the wellknown inclu- 
sions in Ceylon sapphires. This feather, too, is connected with the exterior 
of the stone. 


Genesis. As to the question whether the inclusions in this aquamarine 
are of primary or secondary origin the following may be noted: 

The inclusions parallel to the c-axis, as described, have the same 
nature as type a mentioned by CamprRon, Row8 and WEIS. 

These workers stated that the inclusions are probably primary. In our 
case, however, it seems difficult to assume that the inclusions are primary 
for they are all in one plane. 

One could hardly imagine primary inclusions to be in one plane as 
they usually range themselves along crystallographic directions and are 
observed in zonal orientation. 

GUBELIN also states that primary liquid filled tubes were formed by 
skeleton growth of aquamarine. We already mentioned his statement 
how one should distinguish primary from secondary tubular inclusions. 
This is in accordance with our observations on the inclusions in question. 
The latter indeed show a tell-tale pattern of a healed fissure; one may 
observe a region of tiny inclusions besides larger negative crystals and 
lying near the outside of the fissure. We would therefore suggest that they 
are of secondary origin. 

The drop-like forms occurring in planes parallel to the basal plane 
are younger than those mentioned above and hence must also be secondary. 
We hold that, just like in several other cases, it would seem advisable 
to speak of older and younger instead of primary and secondary inclusions. 
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The inclusions parallel to the (0001) plane are younger than those 
parallel to the c-axis, as we think we may conclude from the following: 

The tubular inclusions running parallel to the c-axis are either filled or 
hollow, and the hollow tubes intersect the planes parallel to the basal plane. 

So the possibility is, that these tubes were originally filled but lost 
their contents when the planes parallel to (0001) were formed. 

The liquid feather, which is not oriented to crystallographic directions, 
may be either older or younger than the planes containing the drop-like 
forms; it cannot be determined more accurately. 

In conclusion we may note that all the inclusions in this aquamarine 
are most likely to be of secondary origin, and besides that the several 
planes with inclusions were not all formed at the same time. 


Rijksmuseum van Geologie 
en Mineralogie, Leiden 
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GEOLOGY 


OPTICAL AND X-RAY INVESTIGATION OF SOME PYROXENES 
AND AMPHIBOLES FROM NAGPUR, 
CENTRAL PROVINCES, INDIA 


(INCLUDING BLANFORDITE, MANGANESE BEARING AEGIRITE-AUGITE, 
JUDDITE AND TIRODITER) | 
BY 
P. C. ZWAAN 
(X-ray investigation ) 
AND 


L. VAN DER PLAS 
(optical part) 


(Communicated by Prof. I. M. vaN DER VLERK at the meeting of June 28, 1958) 


INTRODUCTION 

About a year ago the “Rijksmuseum van Geologie en Mineralogie”’ at 
Leiden received a few mineral specimens from Nagpur, Central Provinces, 
India. They are blanfordite, manganese bearing aegirite-augite, juddite 
and tirodite. On the occasion of the golden jubilee celebration of the 
Mining, Geological and Metallurgical Institute of India an excursion was 
made to the manganese-ore mines at Nagpur. Mr. T. A. WELLSTED, 
manager of The Central Provinces Manganese Ore Co. Ltd., was so kind 
as to give a few samples of rare manganese bearing minerals from the 
Nagpur district to Dr. H. M. E. Scutirmann of The Hague. 

We wish to express thanks to Dr. ScHuUrMANN, who placed the minerals 
at our disposal for investigation. 

A preliminary examination showed the minerals to have certain 
properties, unknown before. 

As far as we know after Frmrmor wrote his extensive work on the 
manganese deposits of India nothing has been published on the miner- 
alogy of this enormous territory, except the article on tirodite by Dunn 
and Roy in 1939 and on manganese amphiboles by BiLGRAmI in 1954. 

In the handbooks, we know, only Fermor’s description of these minerals 
is given. We examined them with more modern methods than those used 
at the beginning of this century. 

It appeared that Fermor’s results really need to be supplemented and 
corrected. We intend to compare our results of the optical investigation 
with those of Fermor, and of Dunn and Roy. We shall base our conclusions 
on these data as well as on those obtained by X-ray investigation. 

All the optical investigations were carried out with the use of sodium 
light as far as possible, the pleochroism and the dispersion were deter- 


mined by daylight. 
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The Leitz-universal stage was used to determine the values of 2V and 
the values of the ca X and ca Z. If the two optical axes could not be 
measured directly we made use of the normal construction with the 
stereographical projection method as introduced by WuLrr (1893). The 
same was done in the case of the ca X and ca Z. 

The indices of refraction were determined with the Leitz-Jelley refracto- 
meter and a set of immersion liquids. This method gives an accuracy of 
about 0.002—0.008. 

The corrections of the values of 2V and ca X and ca Z necessary due 
to the difference in the refractive indices of the mineral and the sphere 
of the universal stage were made according to the graphs of TROGER (1956). 

The accuracy of the values of 2V and the extinction angles is about 1°. 

The X-ray investigation was carried out by means of X-ray powder 
photographs. These diagrams were prepared using FeK radiation and 
a camera with a diameter of 9 centimeters '). 


OPTICAL INVESTIGATION 
The amphiboles 
Juddite from Nagpur, India, St 81163 ?) 

The mineral juddite occurs in a quartz-feldspar rock with a distinctive 
banding. The colour of this rock is of a striking violet, due to the high 
degree of manganese. In this rock we can distinguish red elongated 
crystals of juddite and lilac blue elongated crystals of blanfordite. 

Juddite has a high radianey and a remarkable wine-red colour, the 
colour of red burgundy. 

Microscopically we can distinguish the following minerals in this rock: 
quartz, microcline, violet positive manganese chlorite, apatite, epidote, 
biotite, blanfordite and juddite. 

Juddite appears to be zonal with the stronger colours in the centre. 
The crystals are up to 2 millimeters long and have a diameter up to 
0.5 millimeters. They occur intergrown with blanfordite and also pure. 

We can distinguish a very uncommon pleochroism: 

Ny, light yellow 

Ny carmine with a tinge of violet 
N,, light pinkish orange to orange 
dispersion r>v extreme 


The indices of refraction are: 


Nx 1.658 
N,, 1.668 
N,-N, 0.010 


') The X-ray powder photographs were prepared by Mr. A. VERHOORN. 
*) Registration number of the Rijksmuseum van Geologie en Mineralogie at 
Leiden. 
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Universal stage measurements (3 specimens) 


2V,, 72° (core) 88° (rim) Cat DOE Ne 
2V, 70° ca X 20° 
OV 79° CA X32? 


The angle between the two amphibole cleavages is 124° 30’. 

FERMoR (1909) describes this amphibole in his famous work on the 
manganese-ore deposits of India (p. 159). It occurs associated with 
blanfordite in the rocks of Kacharwahi in the Nagpur district. He is 
not certain about the pleochroism, described as 
Nx, carmine 
Ny blue with a lilac tinge, to pale green with a lilac tinge 
N, orange or pinkish orange. 

Our investigations shows that he was mistaken about the colours of 
¥ and’ X. 

This pleochroism is about the same as that of winchite; N, is different, 
the colour of winchite for N, being blue or lilac. 

FERMOR points to the possibility of the mineral being triclinic instead 
of monoclinic, but there is no reason to suppose so. 

On his scanty data he bases the theory that this mineral is new to the 
amphibole group and proposes to name it juddite in honour of Professor 
J. W. JUDD F.R.S. as a tribute from a former student. 

Because of the fact that the mineral we are describing shows the same 
remarkable pleochroism and also a negative sign of elongation and is 
furthermore associated with a pyroxene of the blanfordite type, we 
assume that our mineral is the same as described by FERMoR. 

There is no need to discuss the mineral described by Bingramt. A study 
of Fermors description of juddite shows that this mineral of BrugRamr 
is certainly not juddite. It does not show the following properties, according 
to Frermor, characteristics of juddite: 

1 negative elongation 

2 pleochroism with N, orange or pinkish orange 

3 association with blanfordite 

4 properties that make it possible one supposes the mineral being triclinic. 


In our case, however, even point 4 fits into Fermors description. After 
a rapid investigation one can suppose that this mineral is triclinic because 
N, is b and there is a strong crossed dispersion. 

It is a great pleasure to us to confirm the discovery of a new amphibole 
by Frrmor and to make a contribution to the investigations which he 
started so scholarly. 

The relation of the optical properties and the crystallographic properties 
were measured with the universal stage and the use of socium light 
5893 A and lithium light 6708 A. 

The result of one of these measurements is given in fig. 1. N, is perpen- 
dicular to the c-axis and does not show any dispersion, thus N, is b. 
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In the case given in fig. 1, ca Ny.Na is 8°. 2V being 63°. For lithium 
light we found ca Nx is 20° and 2V is 72°. The mineral shows a crossed 
dispersion, N, being the acute bisectrix. 
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Fig. 1. Stereographic projection of juddite, showing crossed dispersion of the 
optical axes. 


It is impossible to give general data for the extinction, the axial angle 
and the dispersion of this mineral because of its zonal character; 2V varies 


from 63° to 72° for sodium light, c « Ny, from 8° to 35°. The lower values 
lie in the core. 


Tirodite from Nagpur, India, St 81165 


The tirodite we investigated is a straw coloured amphibole. The mineral 
builds elongated crystals up to one inch with a diameter of a quarter 
inch. These crystals are fibrous and show inclusions of a flaky ore mineral 
(braunite ?). 

Microscopically we saw inclusions of ore. The mineral is zoned and the 
extinction shows a large dispersion. 

The pleochroism is: 


Nx colourless to pale yellow N, yellow 
Ny pale yellow dispersion r>v large 
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The indices of refraction are: 
N, 1.648 
N, 1.655 
N,-N, 0.007-0.011 
Universal stage measurements (3 specimens) 


2V, 66° GAZ 21° 
2V,, 60° Geel 


oVE457.60° ca Z, 17°20" 
According to Dunn and Roy (1939) the optical data are: 
N, 1.629 + 0.002 pale yellow to colourless 
Ny 1.639-1.640 + 0.002 pale yellow 
N, 1.650 + 0.002. pale yellow to straw yellow 
2V, 88°, r>v, caZ 21°, SG=—3.312, H=6.5, 110a 110=124° 20’. 

Their conclusion from these data and a chemical analysis is that tirodite 
is close to richterite. 

According to MtyasHrro (1957) richterite belongs to the soda-tremolite 
group of the alkali-amphiboles. This group is characterized by a large 
Fe”/R” ratio and a very small Fe’/R” ratio, here R” and R” do not 
represent all the amounts of trivalent and divalent atoms respectively 
but represent only the trivalent and divalent atoms which are in 6- 
coordinated positions. 

The optical properties of this group of amphiboles are: 

N, 1.60-1.65, N,, 1.62-1.66, N,-N, 0.009-0.022, 
ca Z=15°-45°, 2V, 66°-87°. 

The varieties in this group are: imerinite; richterite; szechenyiite. 

When we calculate the Fe”/R” and the F”/R” ratios from the analysis 
given by the authors mentioned above we get the following: 


| Equivalent *) 


Weight ° Ss 100 amounts Reno 
ce) a nus | 0. = 2300 
| x 1000 

See eee 
SiO, 53.26 52.99 882 125 Si 
Al,O, 1.25 1.25 24 20 Al 

Ww 
Fe,O, PES} 2.62 32 26 Fe 
FeO 1.06 L085 13) 12 He” 
MnO 8.25 8.21 115 95 Mn 
MgO 31.26 31.10 nil 634 Mg 
CaO (Vai lall ie! 19 16 Ca 
EGO) 0.07 0.07 2 2, K 
Na,O 1.56 1.55 50 44 Na 
H,O 0.05 0.05 ! 2 -- 

100.50 100.00 | 


ST 


| | m LL ” n - 
APY AIL "Ti Fe” | Fe’ Mn Mg | Ca Na K | R Fe /R Fe’/R 


1) Equivalent amounts of the participating atoms. 
18 Series B 
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The result of our investigation shows: 

1. Close relation to the soda-tremolite group according to the optical 
properties. 

2. A difference with the soda-tremolite group according to chemical 
analysis, the Mg value is too high, the value of Na too low to fit into 
this group. 

3. The X-ray investigations show a close relation with the alkali- 
amphiboles. 

According to M1yAsHIRo there exists a continuous series of amphiboles 
from the soda-tremolites to the tremolites. Our investigations confirm 
this view, because the mineral tirodite forms a transitional member 
between these two groups. 

There is no doubt, however, that the mineral described by Dunn and 
Roy belongs to the same group as ours. 


The pyroxenes 
Blanfordite from Nagpur, India, St 81163 


Associated with the amphibole juddite we found a lilac blue pyroxene. 
For a description of the rock-sample see under juddite. 
Microscopically this pyroxene shows the following pleochroism: 

Nx rose pink with a tinge of violet 

Ny light bluish lilac 

N,, sky blue 

dispersion r>v large and anomalous 
The indices of refraction are: 

N,. 1.767 

N,, 1.799 

N,-N, 0.032 

Universal stage measurements: (2 specimens) 
Vv. 72° 
2V, 68° ca X + 5° 1104 110=90° 

In the paper mentioned above FerMmor describes the occurrence of 
pyroxenes in manganese bearing rocks of India. Some of these pyroxenes 
show the following colours: 

Nx pink (rose) 

Ny lilac (pale violet, brown to lilac) 
N,, blue (sometimes greenish blue) 
ca X varies. 


He mentions several places where these pyroxenes are to be found 
and he calls the mineral blanfordite after the late Dr. W. T. BLANForp. 
The type locality is the KAacharwahi quarry in the Nagpur district. 

Summarizing his data we find that these pyroxenes may occur in 
igneous- as well as in metamorphic rocks. 
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The mineral has a high index of refraction, a considerable birefringence, 
SG = 3.26-3.27, ca Z may be found, in the normal cases ca X varies 
from 14°—47°. 

There may be a difference in the pleochroic colours between the varieties 
occurring in igneous- and metamorphic rocks. The pyroxene in our case 
derives from a metamorphic rock as far as can be determined from one 
rock sample only. 

According to FERMoR the mineral is related to diopside, according to 
PENFIELD, however, it is composed of equal parts of diopside, jadeite 
and acmite. 

From the optical data the conclusion may be drawn that there is 
certainly no relation to diopside, the value of 2V in that case being 
positive and the refractive indices being between 1.66 and 1.69. The 
values for hedenbergite the other end member of the group diopside— 
salite-hedenbergite are 1.73—1.76. 

The optical properties of the mineral point to a few possibilities only. 

The mineral under discussion belongs to the group of the aegirite- 
augites and perhaps even to the group of the acmites. 

According to TROGER (1956) the indices of refraction of these groups 
are respectively : 


aegirite-augites acmite-aegirite 
N, 1.716—1.762 1.762-1.776 
N, 1.730-1.796 1.796-1.821 
N,, 1.750-1.810 1.810-1.836 


The values of the pyroxene concerned fit in best in the group acmite- 
aegirite. 

The pyroxene under discussion we called blanfordite because of the 
same pleochroic colours as described by FERMOR and the negative 
elongation. 

Furthermore this pyroxene is associated with juddite as it is in 
Fermor’s type locality. 


Brown manganese bearing clinopyroxene from Nagpur, India, 
St 81164 
Some brown crystals of a clinopyroxene without any enveloping rock, 
the size of one inch, were investigated optically with the following result: 
By means of the microscope we can distinguish inclusions of a colourless 
amphibole, patches of plagioclase and some well developed apatite crystals. 
The colour of the mineral is sherry-brown with a weak pleochroism: 


N, brown yellow 
N, pale yellow 

The optical properties are: 
2V, 88° dispersion r>v large 
ERIE" 
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the indices of refraction are 
No W732 
N,, 1.755-1.759 
N,-N, 0.023-0.029 

By its optical properties this mineral belongs to the group aegirite- 
augite, with a large quantum of the acmite molecule. 

The only pyroxenes described by Furmor that may be related to the 
mineral under discussion are: 

1. A brown pyroxene from Kajlidongri (Jhabue State) occurring in 
a banded manganese ore with pyroxene, amphibole and quartz. 
N, brown with tinge of pink 
N, yellow with an occasional tinge of green 
ca X usually 0° but in one case 6° 

2. A brown pyroxene from Kosumba, Bhandara district occurring in 
a pegmatite with quartz, colour in hand specimen rich brown, pleochroism: 


N, orange 
N, yellow 
CA. 12° 

Only a chemical analysis can give us further data to determine the 
character of this mineral, This analysis will be carried out in the Petro- 
chemical Laboratory at Leiden and will be published later on. 

The degree of manganese is relatively high as a provisional analysis 
showed. 


X-RAY INVESTIGATION 
The pyroxenes 

We compared the powder diagrams of blanfordite and the brown 
pyroxene which, on account of our optical results, we shall call manganese 
bearing aegirite-augite. 

A comparison was also made with other pyroxenes. Only differences 
in the position and the intensity of the diffraction lines were taken into 
account. We successfully used this method before (Zwaan, 1955). 

On it was based a division in X-ray powder patterns of pyroxenes. We 
found that X-ray powder diagrams of alkali pyroxenes could be distin- 
guished from those of other pyroxenes, which seems most interesting 
in this case. It turned out that the position and the intensity of the 
reflections 221, (310) (311), 131 and 221 were essential for this group. 

The lines 221 and (310) (311) form a very strong pair of reflections; 
both have the highest intensity that may be observed on the diffraction 
lines in the diagram. The lines 131 and 221 likewise form a strong pair, 
their intensity, however, is somewhat lower than of the former. 

We stated that pyroxenes showing such a pattern comprised aegirite, 
acmite and jadeite. 

Some later investigations we did not publish proved that chloro- 
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melanite showed a similar pattern. It should be noted that these alkali 
pyroxenes can only be distinguished from other clinopyroxenes by this 
method if they are practically end members of an isomorphous series. 
It would be interesting to find out which X-ray diagram the pyroxenes 
in the diopside-aegirite-jadeite field will show when having about the 
same number of mol. % of the pure components. This has not been 
studied yet; it will take extensive optical and X-ray investigations and 
many chemical analyses will be required. 

We found that the X-ray powder diagrams of the blanfordite and the 
manganese bearing aegirite-augite are very similar (see fig. 2) '). 

By careful observation one may see, however, that the reflections 
with a high glancing angle are somewhat greater with blanfordite than 
with the brown pyroxene. From this we may conclude that the unit 
cell of blanfordite is smaller than the one of the manganese bearing 
aegirite-augite. 

Moreover the X-ray powder diagrams of these pyroxenes were compared 
to a number of X-ray photographs of alkali pyroxenes and both appeared 
to have patterns that were more or less identical to the aegirite and 
acmite patterns (see fig. 2). 

As far as we could ascertain the patterns of aegirite and acmite only 
show minute differences. (This is in accordance with Schiiller’s findings, 
1958.) In the aegirite diagram one may see that the diffraction lines 
312, 531 and 223 have a position and variation of intensity slightly 
different from those of acmite. 

With aegirite the reflections 3 12 and 531 have nearly the same intensity, 
223 being somewhat weaker. With acmite it is clear that of these three 
reflections 531 has the highest intensity, 312 and 223 have about the 
same intensity. Moreover the relative distance between 312 and 223 is 
greater in the case of acmite than in the case of aegirite. 

Still this minute difference may also be observed in the X-ray diagrams 
of the two pyroxenes in question. The pattern of the blanfordite appears 
to be almost identical with that of an acmite from Eker, Norway. The unit 
cell of blanfordite is smaller than of the acmite, which may also be seen 
from the foregoing. 

An X-ray diagram made of the manganese bearing aegirite-augite is 
practically identical to one of an aegirite from Ditro, Rumania. The 
unit cell of the former will be somewhat smaller than that of the latter. 

The variations in § and the lattice spacings with their estimated inten- 
sities for the clinopyroxenes represented by fig. 2 are stated in table 1. 
From this table it is clear that these alkali pyroxenes show but little 
variations in their X-ray powder data. 

On account of all this we may conclude that the blanfordite and the 
manganese bearing aegirite-augite are alkali pyroxenes related to acmite 


1) The illustrations were made by Mr. B. F, M. CoLLer, 


Aegirite, Ditro 


TABLE 
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X-ray powder data of the pyroxenes 


Mn bearing 


aegirit-augite, 


Blanfordite, 
Nagpur, India 


Siebenbiirgen (m 1521) Nagpur, India Norway (m 572) (m 2366) 
(m 2198) 
oh o ie} oF 
eet Oye  d(in A) a8 Oye (in A) EE Oye d(in A) Oye  d(in A) 32 
——]—$_ —_ —$—$——— ————————————————————————————————:CO OOO KgSeae— 

110 8.64 6.44 mw 8.67 6.42 m 8.74 6.37 mw 8.67 6.42 m 
Lil 12.59 4.44 mw 12.65 4.42 m 12.68 4.41 mw 12.59 4.44 m 
021 16.95 SUR y: vw 16.63 3.38 vw LTE 3.29 vw 17.14 3.28 vw 
220 ly Bea?) oe w 17.65 3.19 w 17.68 3.19 Ww 17.68 3.19 Ww 
221 18.79 3.01 vs | 18.83 2.999 vs | 18.89 2.990 vs 18.89 2.990 vs 
ory | 19.84 2.928 s 19.40 2.914 s 19.46 2.906 s 19.46 2.906 8 
130 20.10 2.817 vw 20.19 2.805 vw 20.16 2.809 vw 20.10 2.817 vw 
Ryan 20.67 2.742 vw 20.77 2.730 vw 20.70 2.739 vw 
131 22.49 2.00 1 8 22.45 2.535 sm 22.39 2.541 sm 22.42 2.538 s 
221 22.96 2.481 sm | 22.96 2.481 sm | 22.96 2.481 s | 22.96 2.481 sm 
400 25.19 ye A Vw 25.29 2.266 w 25.32 2.263 vw 25.38 2.258 w 
222) 26:02 2.207 mw 26.08 2.202 m 26.08 2.202 m 26.08 2.202 m 
LL 27207 2.127 mw 27.07 Slay m 27.40 2.125 m 27.13 2.133 m 
331 27.46 2.100 w 27.45 2.100 Ww 27.48 2.098 w 37.52 2.095 w 
420 28.66 2.018 mw 28.53 2.027 m 28.53 2.027 m 28.53 2.027 mw 
240 29.04 1.994 vw | 29.08 1.992 w 29.11 1.990 w 29.17 1.986 w 
132 29.90 1.942 vw | 29.90 1.942 vw 29.93 1.940 w 30.06 1.933 Ww 
202 30/8382 9 1.889 vw | 30.99 1.880 vw 30.86 1.887 vw | 30.99 1.880 vw 
422 31.69 1.843 vw 31.84 1.835 vw — 
Soe oseLo 1.819 vw | 32.29 1.812 wr t o2.a0 1.807 vw 32.58 1.798 vw 
150 33.82 1.739 mw 33.85 L738 m 33.91 L735 m | 34.04 1.729 mw 
421 34.77 1.697 vw | 34.87 1.6938 vw | 34.96 1.689 vw | 35.16 1.681 vw 
sie ob.47 1.668 mw 35.63 1.662 w | 35.60 1.663 vw | 35.76 1.656 w 
312 36.30 1.635 mw 36.43 1.630 m 36.27 1.636 mw 36.33 1.634 mw 
bol 36.78 LG7 mw 36.81 1.616 m 36.84 1.614 m 36.97 1.610 m 
223  ol.2e 1.600 Ww 37:26 1.599 w | 37.32 1.597 mw 37.48 1.591 mw 
023° 38.72 1.54 vw - - — 
511 39.13 1 bo w oO an 1.533 mw 39.17 Lb3s mw 39.26 1.530 mw 
600 39.99 1.506 m 40.12 1.502 m 39.99 1.506 mw 40.09 1.503 mw 
060 41.01 1.475 w | 41.08 LATS w 41.20 1.470 w | 41.30 1.467 w 
260 43.49 1.407 sm | 43.59 1.404 sm | 43.62 1.403 m | 43.81 1.398 m 
531 44.45 1.382 Ww 44.67 Loar Ww 44.58 1.379 w | 44.77 L375 w 
per 46.7] 1.330 Ww 46.68 Lpou mw | 46.61 1.332 mw | 46.87 1.326 mw 
710) “47.63: (ess) WwW 47.70 1.3809 w 47.86 1.305 mw 48.14 1.300 mw 
Hane 48.27 1.297 w | 48.37 1.295 vw 

49.38 1.276 mw 49.48 1.278 m | 49.51 L273 mw 49.80 1.2 mw 

61.52 Pei mw | 51.6] 1.235 m 51.68 1.234 mw 52.06 1.23 mw 
oe 62.15 1-226 vw | 52.09 L. 227 vw - : 
730 63.52 1.204 vw | 53.49 1.204 w | 63.62 L202 vw | 53.94 1.197 Vw 
602 656.07 1.167 vw | 56.07 1.167 vw | _ a : 
371 656.80 1.157 vw | 56.77 1.157 w | 56.48 1.161 w | 56.64 1.159 w 
800 58.46 1.136 vw 58.49 1.135 vw | 58.46 1.136 vw | 58.68 1 33) vw 
RAS 61.07 1.106 vw 61.838 1.098 vw | 60.97 1.107 vw | 61.19 1.105 Vw 
foe, 9 UREN} 1.084 we Golo 1.085 w | 63.01 1.086 w | 63.36 1.083 vw 
660 64.63 LOTT Ww 64.89 1.069 w 64.66 1.071 w | 65.08 1.067 w 
513 65.84 1.061 w | 66.06 1.059 mw | 66.25 1.058 mw | 66.00 1.060 Ww 
~«» 69.95 1.030 w | 69.06 1.036 vw | 69.41 1.0384 vw | 68.80 1.038 Vw 
750 70.77 1.025 w | 70.61 1.026 mw | 70.55 1.026 we Tiki 1.021 Ww 
840 73.80 1.008 w | 73.838 1.008 w | 74.18 1.006 w | 74.91 1.003 Ww 
eae ee Oca 0.997 vw = _ — _ s as 

77.39 0.992 vw 78.86 0.987 vw - — = = 

80.93 0.980 w | 81.63 0.978 vw be ew 0.978 vw $1.72 0.978 Vw 
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and aegirite. This conclusion would seem in accordance with the optical 
results, which were given before. 


The amphiboles 

The same method of investigation is used as for the pyroxenes. By 
comparing X-ray powder diagrams of amphiboles Nia@ni and Tost (1953) 
already proved there were striking variations in the positions of some 
diffraction lines. They could distinguish three groups, the kupfferite — 
cummingtonite — grunerite group, the grammatite —actinolite group and 
the group of common hornblende. 

Further investigations, we made, similarly pointed to the possibility 
of distinguishing X-ray powder diagrams of certain alkali amphiboles from 
those of all other amphiboles. When the diffraction lines 561, 480, 253 
and 600 are considered, 561 and 600 are seen to have the highest intensity, 
480 and 253 being weaker lines in a certain position between the two 
first ones. We could infer this from X-ray powder photographs of glauco- 
phane, crossite and riebeckite. It is true the reflections 561 and 600 are 
strong in the case of other amphiboles, but between them there is either 
one reflection, or, in case there are two, they assume totally different 
positions. 

On account of the position of these diffraction lines it was also possible 
to distinguish between glaucophane and crossite on the one hand and 
riebeckite on the other hand in the group of alkali amphiboles. 

In the X-ray powder pattern of glaucophane and crossite it is seen, 
that the relative distance between 480 and 253 is smaller than in the 
case of riebeckite. Besides with riebeckite these reflections divide the 
distance between 561 and 600 into three almost equal parts; this is not 
the case with glaucophane and crossite (see fig. 3). 

An X-ray powder diagram of the juddite was found to bear much resem- 
blance to the diagram typical for the riebeckite group. It shows nearly 
the same pattern as a riebeckite from Ras Zeit, Egypt. The unit cell of 
juddite will be somewhat smaller than that of the latter. The X-ray 
powder pattern of the tirodite, however, has the properties of the glauco- 
phane-crossite group. It is very similar to the pattern of a glaucophane 
from Susatal, Italy. Its unit cell is somewhat larger than that of the 
glaucophane. 

In table 2 the variations in § and the lattice spacings with their 
estimated intensities are given for the amphiboles represented by fig. 3. 
The indices of a number of reflections were taken from JAKoB and 
BRANDENBERGER (1931). This table shows the X-ray powder data of these 
amphiboles to be very similar. 

From the roéntgenographic data given above we may conclude that 
juddite is a riebeckitelike amphibole and tirodite is related to glaucophane 


and crossite. 
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TABLE 2 


X-ray powder data of the amphiboles 


Riebeckite, Ras Zeit 
Egypt (m 1284) 


d(in A) 


elative 
Intensity | 


=I 
or D 
s K 
> ior 
» 
iv 
Dp 


Juddite, Nagpur, 
India (m 2388) 


_ Glaucophane, Susatal | 
re 
| 


Italy (m 971) 


| 


d(in A) 


Relative 
Intensity 


Tirodite, Nagpur, 
India (m 2199) 


Oye 


Relative 
Intensity 


5 ) ‘ 3.57 8.46 sm 6.63 8.38 s 6.63 8.38 s 
pe eee ; | si 11.41 4.89 m | 11.35 4.92 m 
040 12.36 4.52 m | 12.48 4.50 sm | 12.40 4.5] sm | 12.43 4.50 m 
a a : 14.50 3.87 m | 14.47 3.87 mw 
221 eeligeay 3.43 m 16.47 3.4] s 16.50 3.4] sm 16.41 349 sm 
240 ileal 3.29 Ww 17.20 ea Ww 17.36 3.24 mw 17.26 3.26 m 
310 17.93 3.14 8 18.03 2 ee? sm 18.32 3.08 vs 18.22 3.10 sm 
321 18.76 aan vw 19.02 2.970 Ww 19.1] 2.957 mw 19.05 2.966 mw 
330 820.04 2.825 Ww 20.19 2.805 Ww 20.39 2.778 Ww 20.39 Tis vw 
251 20.74 eesex Vs 20.89 276 Vs 20.93 2.710 Vs 20.86 27S Vs 
Gi ee dees 2.604 mw 21.98 2.586 mw 21.95 2.590 m 21.98 2.586 m 
002 22.33 2.548 mw | 22.45 2.535 m | 22.49 2.531 m | 22.58 2.621 sm 
251 24.46 2.338 mw 24.65 rds Al mw 24.87 2.302 m 24.81 2.307 mw 
MW S23 PAPA AS) Ww 25.16 AAG i mw | 25.45 2-263 mw 25.41 2.256 Ww 
eae — — — | 26.02 2.207 vw 26.02 2.207 vw - 
361 26.31 2.184 mw | 26.53 PAG mw 26.62 2.160 mw 26.53 2.167 m 
402 Data: 2.080 Ww 27.99 2.063 Vw 27.90 2.069 W 27.90 2.069 Ww 
451 28.69 2.016 vw 28.69 2.016 vw | 28.76 2.012 w 28.66 2.018 w 
31.08 Low vw | 30.86 1.887 vw | 31.08 1.875 vw 31.30 1.863 Ww 
5 toe STA PIS: Vv eS L62. 846 vw | 31.62 1.846 Ww =: =s — 
0100 32.39 1.807 w S201 1.788 vw 32.26 1.814 vw 32.42 1.806 Ww 
wae 04:96 1.689 vw | 35.16 1.681 vw | 34.90 1.692 w | 34.96 1.689 w 
561 35.04. 1.665 m | 35.95 1.649 mw 36.17 1.640 m 35.92 1.650 m 
480 36.08 1.644 w | 36.52 1.627 w | 36.81 1.616 w | 36.46 1.629 w 
253 36s7k 1618 mw | 37.19 1.601 w | 37.22 1.600 w | 36.97 1.610 w 
600 37.42 1.593 m 37.80 1.579 mw S761 1.586 mw 87.70 1.583 m 
163 39.64 1.517 mw 39.83 1.51] Ww 39.80 1.512 mw | 39.87 1.510 m 
0120 40.06 1.504 w | 40.53 1.490 Ww 40.53 1.490 w | 40.22 1.499 mw 
te 41.55 1.459 vw | 42.00 1.447 vw | 41.65 1.457 w | 41.81 1.452 w 
SO 42.25 1.440 sm | 42.70 1.427 mw | 43.43 1.408 m | 42.63 1.429 m 
713 44.32 1.386 m | 44.93 Lil Ww 45.12 1.366 w 44.86 1.372 mw 
710 45.85 1.349 mw | 46.42 1.336 w | 46.33 1.338 w | 46.20 1.341 mw 
651 «47.12 Too vw | 47.63 1.310 vw | 47.19 1.320 w | 47.44 1.314 Vw 
Sas 47.57 Los w | 48.14 1.800 vw | 48.56 1.29] vw | 48.40 1.294 vw 
O22 48:37 1.295 m | 49.00 1.283 mw 49.03 1.282 m | 48.75 1.288 m 
004 49.51 1.273 w | 50.08 1.262 vw | 50.05 1.263 vw | 50.21 1.260 vw 
51.61 1.235 vw | 51.52 1.237 vw | 51.42 1.238 vw _— — = 
ee — — - | 52.76 1.216 vw | 52.95 L2is vw — — —_ 
602 53.97 1.197 w | 64.73 1.186 vw | 55.15 1.180 w | 54.83 1.184 Ww 
55.97 1.168 vw | 57.28 1.151 vw | 57.18 1.162 vw | 57.15 1.152 vw 
63.07 1.086 vw | 63.99 IIR eg vw | 64.19 1.075 vw | 63.52 1.081 vw 
67.21 1.050 vw | 67.37 1.049 vw | 67.65 1.047 w | 66.80 1.053 mw 
70.20 1.029 mw | 70.07 1.030 vw | 70.77 1.025 Ww 70.86 1.026 m 
71.95 1.018 vw | 71.89 1.019 Vw | 71.89 1.019 vw a _ — 
78.83 0.987 w — — | 78.03 0.989 vw | 78.03 0.989 vw 
80.77 0.981 m | 80.39 0.982 vw | 80.51 0.981 vw | 80.90 0.980 mw 


light). 


CONCLUDING REMARKS 


Juddite shows a negative elongation as may be observed with riebeckite 
and crossite. Furthermore it has a positive optic axial angle as is sometimes 
found in riebeckites. The absorption is strong as in the latter. The refractive 
indices are in accordance with the riebeckite group. The mineral does not 
show a complete extinction, not even for monochromatic light (sodium 
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According to the optical properties juddite is closely related to the alkali 
amphiboles, especially to the riebeckite group as described by Mryasurro 
(1957). In the same way the X-ray powder pattern shows a close relation 
to the riebeckite type of alkali amphiboles. 

As has already been mentioned tirodite is closely related optically to 
the soda-tremolite group of Mryasutro. Probably it is intermediate 
between the alkali amphiboles and the tremolite group. X-ray data show 
that it has much in common with glaucophane and crossite. 

Optically and structurally blanfordite is an alkali pyroxene with a 
great amount of the acmite molecule. 

The same may be said of the manganese bearing clinopyroxene, which 
has less of the acmite molecule and is more closely related to aegirite- 
augite. 

It is remarkable that all four samples from the Nagpur district contain 
alkali-rich minerals. 

This may be a coincidence, but it might also point to an alkali-rich 
mineral paragenesis in this district. Moreover the paragenesis juddite- 
blanfordite seems to be the manganese rich variety of the paragenesis 
aegirite-riebeckite which is found e.g. in Galicia, Spain. 

State Museum of Geology and Mineralogy ; 


Department of Mineralogy—Petrology ; 
University of Leiden (Netherlands) 
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CHEMISTRY, COLLOID 


CONDUCTOMETRIC INVESTIGATIONS OF COLLOID SYSTEMS OF 
EGG-PHOSPHATIDES IN TERT-BUTANOL—WATER MIXTURES 


IV.1) EXPERIMENTS ON REVERSIBILITY OF THE INCREASE OF THE 
RESISTANCE FACTOR AT THE FORMATION OF OPALESCENT SYSTEMS 


BY: 


H. G. BUNGENBERG DE JONG anv J. To. HOOGEVEEN 


(Communicated at the meeting of May 31, 1958) 


1. Introduction 


The method used in the preceding parts (I, II, ITI) of this series for 
obtaining opalescent phosphatide systems consists of adding at constant 
temperature very gradually from a burette a solution of NaCl in water 
to a clear solution of purified egg phosphatides in 30 vol. % tert-butanol 
having the same NaCl concentration. After each addition the resistance 
is measured. The NaCl concentration is chosen high enough (e.g. 20 
millimol/l) so that the contribution of the phosphatide to the total 
conductivity plays practically no role. The resistance of the phosphatide 
containing system divided by that of the medium has been called the 
resistance factor. This factor is practically 1 for the original phosphatide 
system in 30 vol. % tert-butanol and remains | during the titration as 
long as the system is still perfectly clear. Below a certain tert-butanol 
concentration opalescence sets in and then the resistance factor begins 
to increase. 

The type of curves at 20.8°C obtained with different phosphatide 
concentrations is that of the curve in fig. 1A. When we worked at higher 
temperature a small secundary maximum superimposed on the lower half of 
the right ascending branch may make its appearance *). Compare fig. 1B. 

The increase in resistance has been attributed to the geometrical shape 
(plate-like) of the colloidal particles of the phosphatide (for details see 
part I). 

It has been found (part IT) that long chain non-electrolytes may alter 
the shape of the resistance factor curve considerably. The curve may show 
a sharp peak; see curve in fig. 1C. In part IIT two examples (influence of 
cetylalcohol and of cholesterol) have been investigated in more detail. 
From the path followed by the peak tops in a tert-butanol diagram at 
increase of the ratio non-electrolyte/phosphatide it was concluded that 


1) Parts I, II and III of this series have been published in these Proceedings, 
Series B 60, 337, 348, 360 (1957) and 61, 22, 32 (1958). 

2) At 38.7°C this detail point was observed only when measuring at rest, not 
while stirring (part III), at 53.9° C this small secundary maximum was also present 
when stirring (not published work). 
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associations between the two of definite composition existed. It remained, 
however, a riddle why the shape of the blank curve is altered so strikingly 
and what is the meaning of the sharp descent of the curve in fig. 1C 
from the top of the peak. 


A B C 
n/n extr. apn extr tay, 


% t-but %>t-but % t-but 


Fig. 1. Types of resistance factor curves obtained with the titration method: 

A and B: phosphatide systems without addition, at lower (A) or higher temper- 

ature (B). C: phosphatide system with added long chain non-electrolyte or 
cholesterol (at both temperatures respectively). 


As of eventual importance to the solution of these problems the 
question of reversibility was put forward. Experiments undertaken in 
part IIT (titration followed by back-titration) gave, however, unsatis- 
factory results. The latter are possibly due to uncertainty in the corrections 
needed in this method (details in section 2). 

In the present communication a new experimental technique is given 
for studying the increase of the resistance factor over unity at the 
formation of opalescent phosphatide systems. It does not involve titrations 
(and eventually back-titrations) but only changes in the temperature. 
Thus the above mentioned uncertain corrections are avoided. With its 
aid, the problem of reversibility will be studied anew. 


2. Principle of the new method 


The procedure followed in Part III was to titrate first in the usual 
way with a NaCl solution (20 m mol/l) in water, until we have arrived 
at the left end of the curves A or © in fig. 1 and then to continue the 
titration with a NaCl solution (20 m mol/l) in 60 vol. % tert-butanol. 


We thus first decrease and subsequently increase the tert-butanol concen- 
tration gradually at constant NaCl concentration and we may see whether 
the curves A or C can be followed in the opposite direction. The results 
(after due correction, see below) seemed to point to a partial reversibility 
only, for both curve A and C. 

A serious drawback of this method of investigating the reversibility of 
the resistance factor curve is that during the whole titration the total 
volume goes on increasing, so that the phosphatide concentration always 
diminishes. All resistance factors must thus be corrected to one and the 
same phosphatide concentration. The relatively large corrections needed 
(the nature of which not being sufficiently known and being different 
for the peaks in curve B than for curve A) and other complications make 
the corrected values uncertain. As a result one cannot hope that this 
method will give a distinct answer to the question whether the reversibility 
is complete or only partly so. 

In a previous communication the limiting curves of the three regions 
(clear solution, two-phase liquid-liquid system, opalescent system) in a 
temperature-tert-butanol concentration diagram has been determined 
for systems with a small constant phosphatide concentration '). The 
diagram is reproduced in fig. 2 for the phosphatide system without added 
non-electrolyte, but its character remains the same with added non- 
electrolytes (the limiting curves may be displaced in the diagram only). 

The experimental method hitherto used (lowering the tert-butanol 
concentration at constant temperature) is represented in the diagram 
by proceeding along the horizontal line I from right to left, and the 
back-titration used in the investigation of the reversibility of the increase 
in resistance, by proceeding along the horizontal dotted line I from left 
to right. As already pointed out above, during both titrations the phos- 
phatide concentration always diminishes with the drawback that cor- 
rections of which we are not certain must be applied to correct all 
resistance factors to one and the same phosphatide concentration. The 
diagram in fig. 2 suggests another procedure for investigating the 
reversibility which does not have the above drawbacks. 

It is seen that starting from the clear phosphatide solution we may 
arrive in the region of the opalescent systems by proceeding vertically 
downwards, for instance along the vertical dotted line II. Thus the 
opalescent systems with their characteristic increase in resistance may 
be obtained by gradually cooling down, without altering the composition 
of the system. We may subsequently increase the temperature, thus 
moving in the reverse direction along line Il. As both during cooling 
down and warming up the composition of the system (phosphatide 
concentration, tert-butanol concentration) does not alter, no corrections 
are needed. 


1) H. G. BUNGENBERG DE JONG and J. A. G. Davips, these Proceedings, 
Series B 60, 255, 265 (1957). 
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Fig. 2. Temperature tert-butanol diagram for the blank phosphatide system 
containing 8.1 m mol/l phosphatide and 20 m mol/l NaCl. At higher temperatures 
a turbid region (shaded) is inserted between the opalescent system and the clear 


solutions. The concentration of tert-butanol is given in volume %. 


3. Methods 
a) Experimental equipment 


In the former parts of this series we worked at constant temperature 
and the conductivity cell used was quite convenient for this aim. Here, 


where we intend to measure in a range of temperatures, this cell is no 
longer applicable 1), 


) The conductivity cell had a closed air space above the perforations. With 
increase of the temperature the enclosed air expands and bubbles escape through 
the perforations. With subsequent decrease of the temperature the air left in the 


cell contracts and the level of the liquid rises above the perforations. Thus the 
capacity of the cell is no longer constant. 
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Fig. 3 gives the experimental equipment used in the present investi- 
gation. The conductivity cell A is completely filled with the fluid system 
to be measured. The fluid has only a free contact with the air in the 
right limb B of the U tube (the limb of which is closed by a loosely 
fitting cork). 

Thus the cell constant does not alter with change of the temperature, 
the loss of components of the fluid (especially of the volatile tert-butanol) 
by evaporation is practically avoided and thermal expansion or contraction 
is possible by means of the open U tube. The Pt electrodes are connected 
by a glass bridge C, to fix their relative positions. The temperature in 
the vessel is read off on thermometer D. 

The cell dips in a large basin filled with water (1.5 L) the temperature 
of which can be read off on thermometer E. A stirrer placed in the basin 
(not designed) provides for circulation of the water in the basin round 
the conductivity cell. Circular glass tubes are placed in the basin, one 
(F) filled with sand and a spiralized resistance wire serves for raising the 
temperature, the other (G) serves for cooling with tap-water. 


Fig. 3. Experimental equipment. 
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The temperature in the cell is thus changed indirectly by cooling or 
heating the water in the basin. The fluid in the cell is constantly stirred 
by means of a stirring rod (H)1*), which is driven by a stirring device 
on which the basin rests. The rate of heating or cooling down must be 
rather small (see below) and this can be achieved by combining electrical 
heating and cooling with tap water in the proper way. 


b) The rate of heating or of cooling down 

It will be clear that the rate of heating or cooling down is regulated 
by the difference in temperature A of the contents of the cell (read off 
on thermometer D) and of the water in the basin (read off on thermo- 
meter EK). This difference must be kept to a reasonably low value, so that 
no systematic errors are introduced. In principle three causes for a 
systematic error are to be feared for when the rate of cooling down or 
of heating up is too rapid. They are: 

a) the slowness of the thermometer D, 

b) the time necessary for the measurement of the resistance not being 

infinitly small, 

c) the temperature in the cell not being uniform. 

When vigorous stirring is used c) can be neglected, causes a) and b), 
however, remain. When we are cooling down, the temperature read off 
on thermometer D is higher than that of the fluid (cause a). Thus the 
resistance measured belongs to a somewhat lower temperature than 
indicated by thermometer D. When we are heating up, the reverse applies. 

Cause b) only enlarges the above systematic error. When we are 
cooling down and a centigrade mark on the thermometer D has just 
been reached, we proceed directly to the measurement of the resistance. 
At the moment we take the reading, the temperature is no longer the 
same but has decreased somewhat further. The reverse applies when 
heating up, the temperature at the moment of taking of the reading 
having increased somewhat further. 

When we plot the measured resistance against the temperature read 
off on thermometer D, we must thus obtain two curves, the cooling down 
curve lying somewhat higher than the heating up curve. 

This was indeed the case when measuring the blank system (18.2 
vol. % tert-butanol containing 10 m mol/l NaCl) with a temperature 
difference of 1.5-2° between the thermometers D and E. Two curves 
are obtained in this case, the cooling down curve lying some Ohm higher 
than the heating up curve (the absolute values of the resistance amounting 
to about 600 2 at 19° and 270 Q at 50°). 

It was found that keeping difference A at about 0.8°, this systematic 
error in measuring the blank system becomes negligible, the mean differ- 
ence between the cooling down curve and the heating up curve (about 


*) Glasstube of 4 mm diameter and 12.5 mm length, provided with iron core. 
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0.8 2) becoming smaller than the error of a single reading of the resistance 
(about 1 Q). 

In the experiments on the reversibility of the change of the resistance 
factor we have adopted this low rate of cooling down or heating up 
(A between 0.6 and 1°). It then took about 2-3 hours to cool down from 
50-19° and about the same time for heating up from 19—50°. 


c) Technique of the experiments on reversibility 

For a description of the preparation of the stock solution of purified 
egg-phosphatides (50 m mol/l in 91 vol. % tert-butanol) we refer to 
Part I of this series. 

For an experiment 15 ml of this stock solution, 5 ml tert-butanol 
91 vol. %, 10 ml H,O, 30 ml NaCl 20 m mol/l and 40 ml NaCl 10 m mol/l 
are mixed in an Erlenmeyer flask at room temperature. The result is an 
opalescent somewhat turbid system in which the tert-butanol concen- 
tration is 18.2 vol. %, the NaCl concentration 10 m mol/l and the 
phosphatide concentration 7.5 m mol/l. The conductivity cell is then 
completely filled with this mixture, and is then placed in the basin. 
As the internal state of the phosphatide system is not well defined 
by the above mentioned manner of mixing together, we cannot 
start an experiment with it, but must first, by heating, transform 
the opalescent system into a perfectly clear solution. Thus the 
heating coil is switched on and while stirring we rapidly bring the 
temperature somewhat above 50° C, without taking readings of the 
resistance. 

We now begin to cool slowly maintaining the temperature in the 
basin (under 1° preferably 0.6-0.8°) lower than in the conductivity cell. 
Each time thermometer D indicates a whole degree the resistance is 
measured (thus at 50°, 49° and so on). We cool down in this way until 
the temperature has decreased to below 19°. Now we continue in the 
reverse direction by slowly heating up, the temperature in the basin 
being kept 0.6-0.8° higher than in the conductivity cell. Hach time 
thermometer D indicates whole degrees (19°, 20° and so on) the resistance 
is measured until we have reached 50°. 

The resistance obtained while cooling down and while heating up are 
then divided by the resistances at the same temperatures of the blank 
system (prepared in the same way, but without phosphatide) while 
cooling and heating respectively. We thus obtain the resistance factors 
as a function of the temperature while cooling down or heating up. In 
the case of perfect reversibility the two curves should practically coincide. 


4. Hxperimental part 

The first two experiments in this section (without and with added 
decanol) have been performed according to the directions given in the 
preceding section. The same phosphatide stock solution has been used 
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to make both systems. The intensity of stirring was also the same (stirring 
rod of 12.5 mm length and 4 mm diameter, the stirring device operating 
at maximum speed, i.e. 1440 revolutions per minute). 

The recipe for the second system differed from that given in the 
preceding section by taking 5.1 ml solution of n-decanol in 91 % tert- 
butanol (0.411 g decanol+25 ml 91 % tert-butanol) instead of 5 ml 
tert-butanol 91 %. 

Here we were guided by an experiment in part IT of this series, in which, 
with this amount a distinct peak in the resistance factor curve — using 
the titration method—was obtained. It was mentioned in section 3) that 
for calculating the resistance factor one must also divide the resistance 
found by the resistance of an analogous blank system (thus without 
phosphatide). For the second experiment in this section this means a 
blank system containing decanol. As, however, the concentration of 
n-decanol in the total system is so small, and besides the greater part 
of the decanol will be taken up in the phosphatide micelles and thus is 
not free in the medium, the resistances measured on the blank system 
without decanol have been used in the calculation. 

Special care was taken in providing for a constant slow rate of cooling 
down and the same constant rate of heating up the contents of the cell. Both 
the cooling down (50-19°) and the warming up (19—50°) took about 2 hours. 

Figs. 4 and 5 give the results of the measurements. We first consider 
the resistance factor curve obtained while slowly cooling down. It is seen 
that—as was expected in section 2—the new method actually gives 
similar types of curves as with the titration method. Compare fig. 4 with 
B in fig. 1, similarly fig. 5 with C in fig. 1. 


AYN 
1.60 


1,50 
1.40 
ig 


1.20 


22 26 30 8634 38 8642 «646 ~=50 


Fig. 4. Reversibility experiment with the blank phosphatide system. The experi- 
ment starts with cooling down slowly, followed by heating up slowly. 


287 


We now turn to the question whether the increase in the resistance 
factor produced by slowly cooling down is reversible when subsequently 
heating up. 

With the phosphatide system without decanol the resistance factor 
curve while heating up proceeds somewhat lower than that while cooling 
down (see fig. 4). In further experiments with blank phosphatide systems 
to be published in the next following communication we always find the 
same situation; the heating up curve proceeding somewhat lower than 
the cooling down curve. 
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Fig. 5. Reversibility experiment with the decanol containing phosphatide system. 
The experiment starts with cooling down slowly (curve A), followed by heating up 
slowly (curve B). 
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We may now ask whether this small difference is an indication of a 
lacking of complete reversibility. 

We have cooled down and heated up with so small a rate that for the 
blank system (without phosphatide) the systematic error discussed in 
section 3 (at a given temperature the resistance is found to be too high 
when cooling down and too low while heating up) is reduced within the 
random errors of the measurements. When it is supposed that this applies 
too for the systematic error of the phosphatide containing system the 
resistance factor curves obtained while cooling down and while heating 
up should coincide, when complete reversibility is present. The small 
distance the two curves are actually found to lie apart will then indicate 
a small lack in the complete reversibility. 

Another interpretation of the small distance the curves lie apart is 
equally well possible. It may be that at the adopted small rate of cooling 
down or heating up the systematic error in the measurement of the 
phosphatide containing system is not yet sufficiently reduced. In this 
case, even when complete reversibility is present, the resistance factor 
curves obtained while cooling down and while heating up will not coincide, 
but will take the relative positions as found in fig. 4. 

In favour of the last mentioned interpretation is the fact, that in 
reversibility experiments with higher rates of cooling down and heating 
up, the resistance factor curves obtained while cooling down and while 
heating up lie further apart. When it is asked why the systematic error 
is larger in systems containing phosphatide than in the blank systems, 
we think that especially factor 6) mentioned in section 3 (time necessary 
for a measurement) plays an important part. The measurement of the 
blank systems takes only a short time (about 5 seconds), the “‘magical 
eye” behaving in an ideal way. With phosphatide containing systems — 
when opalescent— the magical eye often shows fluctuations and the 
measurement takes more time (often 2 or 3 times longer). Resuming the 
above, we believe that the small distance the resistance factor curves 
lie apart in fig. 4 is mainly due to systematic errors and thus that the 
reversibility is nearly complete. 


We now turn to the reversibility experiment of the phosphatide system 
containing decanol. In this experiment (compare fig. 5) the experimental 
errors are greater and during heating up, such rapid fluctuations of the 
“magical eye” occurred in the tract from 36-43° that no readings of the 
resistance of the phosphatide containing system were possible here. The 
presumable position of the curve has been given here by a broken line. 
The five experimental points of the heating up curve in the tract from 
31-35°, lie lower than the corresponding points of the cooling down 
curve. Here we have the same situation as with the blank phosphatide 
system and once more we believe that this is not due to a lacking reversi- 
bility, but to a systematic error. 
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Between 19° and 26° the cooling down and heating up curve proceeds 
at about the same level, the here relatively large experimental errors 
not allowing us to decide which of the two proceeds the higher. Here, 
too, we believe that reversibility is present. 

In the tract of 26—-31° the cooling down curve and heating up curve 
take a widely different course. While heating up, the resistance factor 
increases steeply to a peak, but its height is considerably lower than the 
peak of the cooling down curve and besides it is situated at a higher 
temperature. 
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Fig. 6. Reversibility experiment with the decanol containing system. After first 
cooling down slowly (not measured) the experiment given in the figure starts with 
heating up slowly (curve A) up to 34° C, followed by cooling down slowly (curve 1B))}e 
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This behaviour in the tract of 26-31° reminds us strongly of hysteresis, 
but one might object that possibly the phosphatide system has been 
damaged anyhow during the experiment as a result of which during the 
slow heating up, the peak no longer reaches the same height and takes 
place at another temperature. 

This objection is invalidated by the results of an experiment —see 
fig. 6—in which it was first cooled down slowly, after this slowly heated 
up (until 34°) and at last once more slowly cooled down. During the first 
slow cooling down we pass the high peak situated at the lower temper- 
ature, but during this cooling down no measurements have been taken. 
Fig. 6 gives the resistance factor curves obtained while subsequently 
slowly heating up (curve A) and when followed by slow cooling down 
for the second time (curve B). It is seen that curve B and curve A have 
the same relative positions as curves A and B in fig. 51). Thus though 
on heating up the peak is lower and occurs at a higher temperature, this 
is not the result of any previous damage, the phosphatide system still 
having the potentiality to give at subsequent slow cooling down a high 
peak, lying at a lower temperature. We must therefore conclude to a 
true hysteresis phenomenon. As to the reversibility of the resistance 
factor curve at both sides of the hysteresis loop, we here find the usual 
behaviour, the heating up curve proceeding lower than the cooling down 
curve. It is once more believed that the seemingly not complete reversi- 
bility in fig. 6 at both sides of the hysteresis loop is only due to systematic 
errors. 

Thus, resuming the results of the two experiments in the presence of 
decanol, we may say that the change in the resistance factor with the 
temperature is in principle reversible (or nearly so) but that a pronounced 
hysteresis is present. It must be postponed to a later investigation to 
investigate this hysteresis phenomenon in more detail. 


5. Summary 


1) A new method has been given for investigating the increase of 
the resistance factor above unity at the formation of opalescent phospha- 
tide systems. It works at constant composition of the phosphatide — NaCl 
— tert-butanol—H,O mixture, the resistance being measured at variation 
of the temperature. 

2) The resistance factor curves obtained while slowly cooling down 
show the same types as formerly obtained with the titration method 
(simple curve with a flat maximum for the phosphatide system without 


*) The experiments in fig. 5 and fig. 6 have been performed with different samples 
of phosphatide and the results are therefore not strictly comparable. In fig. 6 the 
level to the left of the hysteresis loop is somewhat higher than in fig. 5. Besides 
the lowest point reached by the heating up curve just before its ascent is lower 
in fig. 5 than fig. 6. The temperatures at which the two peaks are situated in figs 5 
and 6 are, however, the same (27 vances 1): 
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addition and curve with a sharp peak in the presence of a suitable addition 
of a long chain non-electrolyte). 

3) The new method has been applied to the problem of reversibility. 
After having obtained the resistance factor curve while slowly cooling 
down, it is investigated whether the same curve is followed in the 
reverse direction while subsequently slowly heating up. 

4) Practically complete reversibility is present in the phosphatide 
system without addition, the heating up curve proceeding slightly lower 
than the cooling down curve, this small difference being probably due 
to a systematic error. 

5) The same applies for the resistance factor curve modified by a 
long chain non-electrolyte, complicated, however, by a distinct hysteresis 
loop in a certain range of the temperature. 
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(Communicated at the meeting of May 31, 1958) 


1. Introduction 

In the preceding parts of this series two methods have been used to 
investigate the increase of the resistance factor above unity at the 
formation of opalescent phosphatide systems. 

In the first method (parts I, Il and III) we started from a solution 
of phosphatide in 30 vol. % tert-butanol containing 20 m mol/l NaCl 
and at constant temperature the tert-butanol concentration is gradually 
lowered by adding a watery solution of the same NaCl concentration 
from a burette. In the second method (part IV) we worked at constant 
composition of the phosphatide-NaCl-water-tert-butanol system and the 
temperature only is lowered slowly. In the following the first method 
will be specified as “‘titration method’’, the second as ‘“‘thermal-method”’. 

The influence of long chain non-electrolytes and of cholesterol has 
first been studied with the titration method (parts Il and III). Compare 
fig. 1 in which the resistance factor is plotted against the tert-butanol 
concentration. It is seen that in the case of the blank phosphatide system 
a simple curve is obtained (fig. 1A). It is only slightly changed in shape 
(fig. 1B) when the titration method is applied at higher temperature 
(unpublished work). The above mentioned non-electrolytes modify the 
shape of the resistance factor curve considerably (fig. 1C). We found it 
necessary to obtain information about the eventual reversibility of the 
sharp descent occurring in the curve fig. 10, before an attempt could be 
undertaken to explain it. Attempts to investigate this with a modified 
titration method gave unsatisfactory results (part III). The thermal 
method is here the indicated one to obtain a reliable answer, as no 
uncertain corrections for the decreasing phosphatide concentration are 
needed here. 


*) Parts I and II of this series have been published in these Proceedings, 
Series B 60, 337, 348, 360 (1957); Part III in B61, 22, 32 (1958) and part IV in 
B61, 279, 291 (1958). 
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Fig. 1. Types of resistance factor curves obtained with the titration method, 

A and B: phosphatide systems without addition, at lower (A) or higher temper- 

ature (B). C: phosphatide system with added long chain non-electrolyte or cholesterol 
(at both temperatures respectively). 


The results with the thermal method (part IV) may be summarized 
as follows: 


a) When the resistance factor is plotted against the decreasing 
temperature, the same type of curves are obtained as with the titration 
method while lowering the tert-butanol concentration. (Compare cooling 
down curves in fig. 2A and B). 

b) Practically complete reversibility is present in the blank phos- 
phatide system, the heating up curve proceeding slightly lower than 
the cooling down curve, this small difference being probably due to a 
systematic error (compare fig. 2A). 

c) The same applies for the resistance factor curve modified by a 
long chain non-electrolyte, complicated however, by hysteresis (compare 


fig. 2B). 


Though this question of reversibility has now been answered we still 
have not enough information to explain why long chain non-electrolytes 
alter the shape of the resistance factor curve so much and what is the 
meaning of the sharp descent in the cooling down curve and the sharp 
ascent in the heating up curve. This wanting information is provided in 
the present investigation by applying the thermal method to a new 
field of research. 


Fig. 2. Types of resistance factor curves obtained with the thermal method. 

A: phosphatide system without addition, B: phosphatide system containing n- 

decanol. The experiments start with cooling down slowly, followed by heating up 
slowly. 


2. A further field of research opened by the thermal method 


In the titration method (parts I, I] and III of this series) we have 
kept rigidly to a standardized time-addition-stirring scheme, always 
using the same stirrers and the same intensity of stirring (details in part I, 
section 2b). Each addition of a 1 ml portion from the burette was made 
during stirring in order to obtain rapidly everywhere in the titration 
vessel the same —now somewhat changed —composition of the phospha- 
tide system. It remained unknown whether a mechanical influence of 
the stirring on the increase of the resistance factor above practically 
unity exists. 

With the new method stirring is not necessary for obtaining a definite 
composition of the phosphatide system while measuring the resistance, 
the composition remaining the same while cooling down. We may thus 
investigate whether a mechanical influence on the increase of the resistance 
factor above unity is present by varying the intensity of stirring (and 
as extreme case by performing the experiment without stirring). It is 
true, that in such experiments one must take into account the possibility 
that the temperature is no longer reasonably uniform when the intensity 
of stirring is too low. Conclusions can nevertheless be drawn by always 
combining them with an investigation of the reversibility. 
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3. Methods 


We refer to part IV of this series for a description of the thermal method, the 
experimental equipment used and the systematic errors which may arise when the 
rate of cooling down or heating up is too great. 

For investigating the influence of the intensity of stirring two 0.6 % phosphatide 
systems (without and with added n-decanol) have been used, the composition of 
which is the same as those which in part IV served for studying reversibility 
(medium is 18.2 vol. % tert-butanol containing 10 m mol/l NaCl). 

After having filled the conductivity cell with the mixture, the temperature is 
raised to a few degrees above 50°, to provide for a reproducible state of the phos- 
phatide system. After this the actual experiment begins by slowly cooling down and 
reading the resistance every time the thermometer in the cell indicates a whole 
degree, beginning with 50°. After having reached 19°, the experiment is continued 
while slowly heating up. The rate of heating up and cooling down must be rather 
slow to avoid large systematic errors. With this aim in mind we have kept the 
difference in temperature between contents of the cell and the water in the dish 
surrounding the cell between 0.6-1° C. 

The resistance factor 2/Q, is obtained by dividing the resistance Q of the 
phosphatide system at a given temperature by the resistance Q, of the NaCl 
containing medium at the same temperature. 

With the stirring device at our disposal the number of revolutions per minute 
could not be reliably reduced. Therefore the variation in the intensity of stirring 
of the fluid contents in the conductivity cell has been brought about by choosing 
stirring rods (glass tubes with iron core) of different lengths, while the stirring 
device is operated at maximum speed (1440 revolutions per minute). 


4. Influence of the intensity of stirring 


a) Phosphatide system without addition 


As mentioned in section 3 the intensity of stirring has been varied by 
using magnetic stirrers of different length (9; 12.5; 26; 33 mm) and 
the same diameter (4 mm) operated at maximum speed of the stirring 
device. 

We first give the results obtained with the phosphatide system without 
added organic non electrolyte. Compare the solid curves in figures 3, 
4, 5 and 6. The figures show that the resistance factor curve obtained 
while cooling down proceeds somewhat higher than that while heating up. 

In the experiments on reversibility in part IV, working at constant 
stirring with the 12.5 mm stirring rod, the same has been found. It has 
been discussed that this is no indication of a lack in complete reversibility 
but only the result of systematic errors (see in part IV section 3b, factor 
a and especially b). As a result of this error the resistance factor is found 
somewhat too high while cooling down and somewhat too low while 
heating up, the real resistance factor curve lying half way. 

When we compare the heights of the maxima of the resistance factor 
curves, it appears that the intensity of stirring has a pronounced influence. 
The maximum lies higher as the intensity of stirring is less. This is an 
important result, which in the preceding parts of this series was not yet 
known (compare section 2). 

20 Series B 
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One may ask whether reducing the intensity of stirring still further. 
the resistance factor curve will reach a still higher level. This induced 
us to continue the experiments with the 9 and the 33 mm stirrer by an 
experiment in which during cooling down and subsequently heating up 
the stirring device was put off. Compare the broken curves in figs 3 and 6. 

The resistance factor curves thus obtained without stirring proceed 
very steeply upwards (only part of them are given in the figures 3 and 6) 
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Fig. 3. Resistance factor curves obtained while slowly cooling down and subse- 

quently slowly heating up the blank phosphatide system. Solid curves: while 

constantly stirring with the 9 mm stirring rod. Broken curves: without any 
stirring at all. 
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and reach very high values of the resistance factor without reaching a 
maximum value. Compare fig. 7 which shows that a factor in the order 
of 7 is reached at 19°. In a similar experiment in which was cooled 


down and subsequently heated up very slowly, we obtained even a 
resistance factor of nearly 10° 1). 


In the preceding parts of this series we obtained with the titration 
method (in which stirring is used) relatively high values (in the order 
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Fig. 4. Resistance factor curves obtained while slowly cooling down and subse- 
quently slowly heating up the blank phosphatide system. During the experiment 
it was constantly stirred with the 12.5 mm stirring rod. 
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Fig. 5. Resistance factor curves obtained while slowly cooling down and subse- 


quently slowly heating up the blank phosphatide system, while constantly stirring 
with the 26 mm stirring rod. 


1) The increase in resistance of 600 % and 900 % (corresponding to the resistance 
factors 7 and 10) is very large, when it is taken into account that at the phosphatide 
concentration (0.6 %) used only 1% increase in resistance must be expected 
(resistance factor 1.01) when the phosphatide separates as spherical particles. 
Compare Part I of this series. 
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of 3 and 4) only in the presence of non-electrolytes, the highest value 
observed (about 3.5 in the presence of cholesterol, see Part III) being 
much lower as here with the blank at rest. 

We must now draw attention to the fact that at rest the resistance 
factor curves while cooling down proceed lower than that while heating 
up (see figs. 3, 6 and 7). This is just the reverse of what occurs in the 
experiments with stirring. Once more we may ask whether this points 
to a lack of reversibility or to a systematic error. 
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Fig. 6. Resistance factor curves obtained while slowly cooling down and subse- 

quently slowly heating up the blank phosphatide system. Solid curves: while 

constantly stirring with the 33 mm stirring rod. Broken curves: without any 
stirring at all. 


It must first be mentioned that in the experiments without stirring 
the resistance factors were obtained by dividing the resistance of the 
phosphatide system while cooling down or heating up by the resistance 
of the medium measured while stirring. As the latter resistance is within 
the experimental error at a given temperature the same while cooling 
down or heating up, the differences found in the values of the resistance 
factor in fig. 7 must be sought for in the phosphatide system itself (lack 


of reversibility) or in the measurements of the phosphatide system 
(systematic error). 
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It seems likely that without stirring a systematic error due to 
the non-uniformity of the temperature in the cell is present (this 
possibility has already been mentioned in part IV, see factor C in 
section 3, B). 

While cooling down without stirring the central part of the cell (place 
of electrodes) will have a higher temperature than the peripheral parts 
(place of thermometer in the cell), whereas while heating up the reverse 
applies. As a result the resistance of the phosphatide system and hence 
the resistance factor will be found too low while cooling down and too 
high while heating up. In accordance with this interpretation is the fact 
that having arrived at 20° and proceeding now with heating up, the 
resistance factor does not directly begin to decrease. Instead of this a 
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Fig. 7. Resistance factor curves obtained while slowly cooling down and subse- 
quently slowly heating up the blank phosphatide system without any stirring 
at all. The broken curve gives the probable position of the true resistance factorcurve. 


momentancous increase followed by a slightly upward bend is observed 
before the curve takes its course downwards to the right. Compare fie7. 
Experiments to control the above supposed non-uniformity of the temper- 
ature in the cell have confirmed this and even lead to the correct order 
of magnitude the cooling down and heating up curves in fig. 7 lie apart in 
horizontal direction. We may thus conclude that very probably there is 
no lack in reversibility in the experiment without stirring, the true 
resistance factor curve lying half way between the two curves —see 


broken line in fig. 7. 
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In the control experiments we have mounted a second thermometer in the place 
of the electrodes and have measured the difference in temperature between the 
two thermometers in the cell while cooling down or heating up with the rate adopted 
in the experiment in fig. 7, the cell being filled with the blank phosphatide system. 

The expected differences in temperature have been found to exist and they 
were greater at lower temperature than at higher (increased viscosity). Doubling 
the maximum difference found—about 1.5°—we obtain about 3°, which is about 
the maximum distance which the cooling down and heating up curve lie hori- 
zontally apart in fig. 7. 
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Fig. 8. Resistance factor curves obtained while slowly cooling down and subse- 
quently slowly heating up the n-decanol containing system. Solid curves: while 
constantly stirring with the 33 mm stirring rod. Broken curves: while constantly 
stirring with 12.5 mm stirring rod (reproduced here from fig. 5 in part IV). 
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b) Decanol containing phosphatide system 


For this experiment the composition and the phosphatide solution used 
to prepare the mixture was the same as in fig. 5 in the preceding communi- 
cation, the only difference is that a stirrer of 26 mm length instead of 
12.5 mm length is now chosen. 

The results are given by solid curves in fig. 8, the dotted curves giving 
the results in Part IV with the 12.5 mm stirrer. It is seen that in experi- 
ments with phosphatide containing a long chain non-electrolyte, the 
intensity of stirring has a pronounced influence too. 

With the 12.5 mm stirrer a characteristic high peak occurs in the 
resistance factor curve; with the 26 mm stirrer the peak is reduced to a 
low maximum, which is, besides, situated at a higher temperature. 

After reaching a relatively sharp minimum the resistance factor curve 
with the 26 mm stirrer takes a lower course further to the left than the 
corresponding part of the resistance factor curve with the 12.5 mm stirrer 
(after having passed to the left of the sharp descent from the peak top). 
The relative position of these left branches of the resistance factor curves 
for phosphatide systems containing decanol is thus the same as applies 
for the resistance factor curves of the phosphatide system without decanol, 
the latter proceeding lower as the intensity of stirring is less. Compare 
solid curves in figs. 3, 4, 5 and 6. 


5. Experiments in which was partly stirred and partly not 


The experiments in this section have been performed with phosphatide 
systems without added decanol. 

In the first experiment (fig. 9) we start with a cell filled with the 
system and the 33 mm stirrer resting on the bottom. 

We now proceed to cool down very slowly (in 44 hours), with occasional 
measurement of the resistance until we have reached a temperature in 
the cell of 18.4° C, at which temperature the resistance factor has reached 
the considerably high value of 8.54. From now on the temperature was 
kept constant at 18.4° C and the stirrer was put into operation. 

The high value of the resistance factor decreased rapidly at first and 
later more slowly, after 5 minutes stirring reaching a value of 1.32. The 
stirrer was now switched off, to see whether at rest the high value of the 
resistance factor would develop anew. During 30 minutes rest, however, 
the value was still 1.32. Thus—though at this low temperature the high 
resistance developed during cooling down without stirring is broken down 
by stirring—there is no tendency to restore the high resistance. 

The stirrer was again put into operation during 30 minutes, after which 
time only a slow further decrease of the resistance factor up to 1.18 
was obtained. 

We have thus reduced the resistance factor to a value slightly higher 
than that (1.14) obtained with the same temperature while cooling down 
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with constant stirring with the same stirrer (compare solid curves in 
fig. 6). We now gradually increased the temperature, with constant 
stirring, during which the resistance factor nowhere increased, but was 
gradually lowered in the normal way. We have thus completed a cycle in 
the diagram. Compare fig. 9. The results strongly suggest that while 
cooling at rest a structure is built up in the phosphatide system, which 
by mechanical influence breaks down. 

In the second experiment with partial stirring the cell was provided 
with the 9 mm stirring rod and it was cooled down while stirring until 
40° was reached, then the stirring device was switched off and the slow 
cooling down was continued until 19° C. 


8 22 26 30° «3° fe 2 RE eS 
Fig. 9. Decrease of high resistance factor, developed at rest while slowly cooling 


down (A), by stirring at constant temperature (B) and subsequently slowly heating 
up while stirring (C). Length of stirring rod = 33 mm. 


The resistance factor curve obtained in this way is given by the solid 
curve A in fig. 10. In this figure the cooling down curve while constantly 
stirring with the stirring rod of 9 mm has been given as a broken curve 
(B), similarly the curve obtained without stirring at all (C). 

It is seen that of course the solid curve follows the broken curve for the 
9 mm stirrer down to 40°, and that the solid curve proceeds from here to 
a much higher level than the broken curve for the 9 mm stirrer. But 
this increase as a result of not stirring from 40—20° is but small compared 
with the high resistance factor (about 8) which is reached when it is 
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cooled down slowly from 50—20° without any stirring (compare Cin fig. 1OB). 
This shows that for reaching a very high value of the resistance factor 
at a low temperature, cooling down without stirring from 50—40° is very 
important. In this tract of the temperature a hump is situated in the 
resistance factor curve while stirring, which is not present in the resistance 
factor curve in which it is cooled down from 50-20° without stirring. 

The results of this second experiment with partial stirring leads to the 
supposition that the hump in the broken and solid curve with the 9 mm 
stirrer is, in principle the result of a break down of a structure which is 
beginning to develop, and which—when not mechanically destroyed will 
lead to a high resistance factor at low temperature. 
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Figs. 10A. Resistance factor curve (solid curve) obtained while it is slowly 

cooled down with stirring (9 mm rod) from 50-40°, and from 40-19° without 

any stirring (see arrow). Broken lines: mean position of the resistance factor curves 

of fig. 3, namely B with constant stirring (9 mm rod) and C without any stirring. 
Fig. 10B gives the same curves on a smaller scale of the ordinate. 


A certain analogy with crystallization comes to the fore here. Crystalli- 
zation at rest leads to relatively large crystals, whereas crystallization 
during stirring leads to small crystals. A further analogy has been found. 
Slow cooling may lead to large crystals, rapid cooling to small ones. In 
an experiment in which without any stirring we cooled down the phospha- 
tide system rapidly ic. in 34 min. from 50° to 19°C, we obtained a 
resistance factor of 2.88 only. 

After heating up to 50° and once more cooling down without any 
stirring, but now slowly, ie. in 44 hours, we obtained at 20° the high 
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values of 8.30 for the resistance factor. This experiment shows that a 
low rate of cooling is favourable reaching a high resistance factor. 


It is, however, not certain how to explain this difference in effect of rapid and 
of slow cooling down. Cooling down without stirring will not yet mean that the 
developing phosphatide structures are not at all subjected to mechanical forces 
which tend to destroy them. The peripheral layer of the contents in the conductivity 
cell (adjacent to the glass wall) will have a lower temperature than the more centrally 
situated parts of the contents. Hence a convection stream will set up, as a result 
of the difference in density, the stream moving downwards along the glass wall 
and upwards through the central part of the cell. This convection current might 
have a tendency to destroy the growing structure, and as the velocity of this current 
will be greater as the cell is cooled more rapidly, this will already lead to a lower 
resistance factor. If this will suffice to explain the great difference (2.88 instead 
of 8.30) must be left undecided here. 


The above experiment, in which we arrived after very slow cooling 
to the value of 8.30 for the resistance factor, was continued by once 
more investigating the influence of stirring at constant temperature. In 
the cell was present a stirrer of 9 mm length and we now started to 
operate it. 

Just as described above with the 33 mm stirrer, the high resistance 
factor (8.30) now began to diminish. The rate of decrease was, however, 
much smaller; after 5 minutes stirring decreasing to 4.33 (with the 33 mm 
stirrer it fell, in the same time, to 1.32). This much slower break down 
of the phosphatide structures is of course to be expected, the intensity 
of stirring with the 9 mm stirrer being much less than with the 33 mm stirrer. 

Arrived at the above value of 4.33, the stirring mechanism was switched 
off and readings were taken every half minute during two minutes. After 
this the stirrer was again put into operation. One and a half minutes 
later the stirring was interrupted once more, this time for one minute 
only, and taking readings every 15 seconds. 

The results are given in fig. 11, in which the abscissa gives the time in 
minutes from starting the 9 mm stirrer for the first time (the resistance 
factor being 8.30). It is seen that directly after switching off the stirring 
mechanism, the resistance factor decreases and after switching on anew, 
it rises first before it continues to decrease further as a result of continued 
break down of the phosphatide structures. 

This influence of stirring (resistance factor higher) and of rest (resistance 
factor lower) can be explained when the structural elements present have 
a plate-like shape. When stirring the movements of the contents in the 
cell consist of a rotation on which is superimposed a convection along 
the cell wall upwards and returning centrally between the electrodes 
downwards. By this downward stream the plate-like particles become 
orientated more or less parallel to the electrode plates and thus increase 
the resistance between the electrodes. At rest they tend to assume a 


random position between the electrodes, as a result of which the resistance 
decreases. 
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Zz 4 6 8 10 12 14 16 18 
Fig. 11. Decrease of high resistance factor (8.30 developed at rest while slowly 
cooling down) by stirring, and effects of interrupting the stirring (between A and 
B, similarly between C and D). 


From the above influence on the resistance factor of interrupting the 
stirring, follows that the original not yet stirred phosphatide system 
obtained by slowly cooling down without stirring, must consist of much 
more extended plate-like elements, which are either free or cohere locally 
to a three dimensional structure. Recent observations point to the last 
named alternative. Phosphatide systems with high resistance factors may 
have a much higher viscosity than that of the medium and may even 
show elastic properties. When vigourously stirred the high viscosity and 
the elastic properties disappear, and they are not restored at this low 
temperature (20°) at rest. (T'o be continued ) 
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CONDUCTOMETRIC INVESTIGATIONS OF COLLOID SYSTEMS OF 
EGG-PHOSPHATIDES IN TERT-BUTANOL—WATER MIXTURES 
Vzs.1) INFLUENCE OF THE INTENSITY OF STIRRING ON THE 
INCREASE OF THE RESISTANCE FACTOR AT THE FORMATION 
OF OPALESCENT SYSTEMS 


BY 


H. G. BUNGENBERG DE JONG anp J. Ta. HOOGEVEEN 


(Communicated at the meeting of May 31, 1958) 


6. Discussion of the present and some former experimental results 


a) General remarks 


As discussed in section 3 the thermal method opens the possibility of 
investigating the influence of the intensity of stirring as an independent 
variable—this not being possible with the titration method. The results 
(section 4 and 5) provide us with a good deal of information of importance 
not only for understanding the sharp descent in the resistance factor 
curve mentioned in the Introduction, but also for other experimental 
results. 

The strong influence of the intensity of stirring on the shape of the 
resistance factor curve of the blank phosphatide system (compare figs. 
3-7) being completely unknown when performing experiments with the 
titration method, it might cause wonder that some very simple relation- 
ships ?) could have been found in parts I and II of this series. This finds 
its explanation in the fact that in these parts (and in part III) we have 
rigidly kept to a standardized addition-time-stirring scheme, always 
using the same stirring rod and the same (moderate) stirring intensity. 


b) Different shapes of the resistance factor curve con- 
sidered as special cases of one type only 


Until now it was believed that two types of resistance factor curves 
must be discerned, the simple type characteristic of the blank phosphatide 
system (see fig. 1A) and the much modified type (peak curve) obtained 
in the presence of long chain non-electrolytes or cholesterol (see fig. 1C). 


1) Parts I and II of this series have been published in these Proceedings, 
Series B 60, 337, 348, 360 (1957); Part III in B61, 22, 32 (1958) and part TV in 
B61, 279, 291 (1958). 

*) Independence of the maximum of the resistance factor reached from the 
NaCl concentration and from the CaCl, concentration in a large tract of the salt 


concentration (part I). Similarly independence of the pH in a considerable tract 
of the pH (part II). 
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As a result of the present investigation the above mentioned two types 
must rather be seen as modifications of one general type. Modifications, 
it is true, here being due to the presence of the long chain non-electrolytes, 
but which may also be brought about in one and the same system (either 
the blank or the non-electrolyte containing system) by varying the 
intensity of stirring. 

As first example we consider the cooling down curves in fig. 8, in which 
figure the resistance factor curve is given for the n-decanol containing 
system while stirrmg with the 12.5 mm and the 26 mm stirring rod 
respectively. It is seen that with the increase of the intensity of stirring 
a) the peak top is reduced considerably in height and changed in form 
(relatively flat maximum), and besides is displaced to a higher tempera- 
ture, b) the part of the curve to the left of the descent proceeds lower. 

With increase of the intensity of stirring the resistance factor curve 
thus changes its shape in direction of the shape of the cooling down 
curve of the blank phosphatide system with the 9 mm stirring rod (fig. 3). 

When we now turn to the blank phosphatide curves (see figs. 3, 4 and 5, 
solid curves) we find on the lower part of the ascending curves small 
humps, their “tops” being less high, more flat and being situated at a 
higher temperature as the intensity of stirring is greater. This being the 
same rule a) as applies for the characteristic peak top of the decanol 
containing phosphatide system, we may consider the said humps in the 
blank phosphatide curves as modified peaks. 

In the blank phosphatide curves we also find that the curve parts to 
the left of the humps proceed lower as the intensity of stirring is greater, 
compare the above rule b). 

It is concluded that the at first seemingly quite different types of resis- 
tance factor curves obtained with the thermal method for the blank 
and for the non-electrolyte containing phosphatide systems are in reality 
but modifications of one and the same type. Compare fig. 12. 

With the titration method working with the blank phosphatide system 
at 20.8°, the hump on the lower part of the resistance factor curve of the 
blank phosphatide system is still further reduced in height, no longer 
being discernable on the scale which is used to design the resistance factor 
curve (see fig. 1A). The same applies for the blank phosphatide system 
investigated with the thermal method while vigorously stirring (33 mm 
stirring rod, see fig. 6). We thus come close to one of the limiting cases 
of the general shape of the resistance factor curve, it then taking the 
shape of a simple curve ascending to the left. (See solid curve in fig. 12D). 

The other limiting case —see fig. 12A—of the general type is (at least 
in the tract of the temperatures investigated: 50-19°) reached when with 
the thermal method the blank phosphatide system is slowly cooled down 
without any stirring (figs. 3, 6 and 7), the resistance factor curve then 
once more being a simple curve, which proceeds upwards more steeply 
and may at lower temperatures reach high values of the resistance factor. 
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The general type then consists of a steep branch and a branch proceeding 
lower, the position and the steepness of the “descent” from the first 
named to the latter depending on circumstances. See solid curves in 
fig. 12B and C. 


Ayn, * OM, eas Oo 5 


\ 
\ 
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Fig. 12. Different shapes of the resistance factor curve considered as special 
cases of one type only. B and C, the branch (broken curve) representing growing 
structure from initials of structure (init.) is followed relatively far or only over 
a small distance, before break down of advanced structure (str.) or of structure 
beginning (str. beg.) sets in, after which the lower branch, representing structure 
fragments (fragm.) or structure beginnings is followed. A and D: limiting cases, 
no break down of structure occurring (A) and prevention of structure formation 
taking place at the very beginning of the structure branch (D) respectively. 


c) Meaning of the various parts of the general resistance 
factor curve 


When in the thermal method by gradually lowering the temperature, 
or in the titration method the tert-butanol concentration, we just enter 
the region of the opalescent systems, the resistance factor begins to 
increase above unity thereby following the upper branch. So long as we 
are on this branch one observes streaks whirling round, which are no longer 
present when we have passed the more or less pronounced descent to 
the lower branch of the curve '), the system now taking on a more dull 
aspect. This difference in appearance is an indication that the state of the 
phosphatide separated from the solution is different on the two branches. 


*) With the titration method working with the blank phosphatide system at 
21°, this phenomenon is hardly observed, and only slight indications of the presence 
of a “‘descent’’ on the ascending branch of the curve are present here. Compare 
in part I section 2b, a very small difference in the resistance being found when 
stirring and at rest. This difference soon disappears when the resistance factor 
increases further at decrease of the tert-butanol concentration. Working at a higher 
temperature with the titration method, the blank curve shows a distinct hump 
and before it is reached, streaks are observed whirling round. 
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In Part I we have already concluded from certain optical observations 
and model experiments on the resistance factor that the phosphatide 
particles separated from the blank phosphatide system during the titration 
must have a platelike shape. We now know that the blank curve obtained 
in the titration method (because stirring was applied) corresponds to the 
lower branch of the general resistance factor curve. 

The results of the experiments in which was partly stirred and partly 
not (section 5) lead us to consider the state on the upper branch to consist 
of a structure, this term having been used in a rather vague sense, leaving 
open different possibilities (extended platelike particles, either free, 
eventually in swarms or loosely connected to a real structure). 

When this structure develops undisturbed the blank phosphatide 
system may assume a distinct higher viscosity than that of the medium 
or even show elastic properties. When vigourously stirred the structure 
breaks down and the resistance factor drops to a low value (see fig. 9). 
From the change in resistance resulting from interruption of the stirring 
it appears that the structure fragments have a plate-like shape, this being 
an indication that the original structure is indeed composed of plate-like 
elements (see fig. 11). 

We thus come to the conclusion that the upper ascending branch of 
the general resistance factor curve can be considered as indicating growing 
structure, the lower branch fragments of this structure and the descent 
breakdown of structure to fragments (compare fig. 12). 


d) Modifications in shape of the general resistance factor 
curve 


For explaining the different modifications in shape of the resistance 
factor curve in more detail we must take into account the following points: 

a) When we enter the region of the opalescent systems not all phos- 
phatide at once separates out, this taking place over a certain range of 
the temperature (thermal method) or of the tert-butanol concentration 
(titration method). 

b) The state of the phosphatide separated out changes upwards along 
the structure branch more and more from structure in the braod sense 
(loose plate-like particles and initials of real structure ')) to structure 
in the narrow sense. 

c) Stirring counteracts growing structure (in the braod sense) or 
tends to destroy structure (in the narrow sense). 


We begin with discussing the limiting case A in fig. 12 Point a) explains why 
the curve begins to proceed upwards to the left. One would expect from point @) 
too, that the resistance factor curve will at last reach a nearly constant level. But 
experience shows that this is not the case, the curve proceeding upwards even more 
steeply (compare figs. 7, 9 and 10). Point b) must be taken into account to explain 


1) The presence of initials of real structure on the lower part of the structure 
branch follows from the experiment in fig. 10A. 
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this. The initials of real structure present in the very beginning of the structure 
branch lead higher up the curve to a real structure (elasticity). 


The limiting case D in fig. 12 is nearly reached with the blank phosphatide system 
using vigorous stirring (33 mm rod, see fig. 6). As a result of this the beginnings of 
structure remain of small size (point c). Thus over nearly the whole range of the 
temperature mentioned in point a, new similar small sized structure elements are 
formed until practically all phosphatide has left the solution. This explains that 
the resistance factor curve first proceeds upwards to the left to reach a nearly 
constant level at last. 


In the modifications which are intermediate between the two limitting cases, all 
three points a, b and c¢ play a role. 

We discuss first case C in fig. 12. The transition from the structure branch to 
the branch of fragments begins here not far up the structure branch. Hence real 
structure is hardly present (point 6) as a result of which the transition has not 
yet the character of a distinct descent to the branch of structure fragments. 

As the transition lies here relatively far to the right in the diagram, the lower 
branch will proceed upwards to the left before reaching a level (point a). Examples 
are given by the blank phosphatide system while stirring with the 9 mm, 12.5 mm 
and 26 mm stirrers (figs. 3, 4 and 5). The influence of increasing intensity of stirring 
on the displacement of the ‘‘descent’? (downwards to the right) and on the level 
reached by the lower branch (downward) is easily understood from point c. 


An example of case B in fig. 12 is given by the experiment with the 12.5 mm 
stirring rod in fig. 8, the transition here lying high up the structure branch. Here 
point 6) plays an important part, the “structure” here having to a certain extent 
the character of a real structure (elasticity). Its breakdown (point c) results in a 
steep descent in the resistance factor curve. As this descent already lies relatively 
far to the left in the diagram, the branch of the structure fragments proceeds 
nearly on one level (point a). The experiment with the 26 mm stirrer in the same 
figure gives a curve intermediate in character between the curve with the 12.5 mm 
stirrer and the curve for the blank phosphatide system with the 9 mm stirrer. We 
need not explain here the results from increasing the intensity of stirring as they 
are easily understood from point c. 


e) Reversibility 

The question whether the resistance factor curve obtained while slowly 
cooling down is followed in the reverse direction while subsequently 
heating up slowly, has already been investigated in part IV of this series 
for the blank phosphatide system and the phosphatide system containing 
decanol (constant stirring with 12.5 mm stirring rod). Compare fig. 2). 
The information regarding the question of reversibility has been enlarged 
in the present investigation. Compare fig. 3-8. We may now say that 
in general reversibility exists (taking into account the systematic errors) 
along the whole resistance factor curve for the cases A, C and D in fig. 12. 
The changes of state of the phosphatide while heating up are here thus 
the reverse of those as occurred while cooling down. 

The characteristic peak curve (belonging to case B in fig. 12) obtained 
in the decanol containing phosphatide system with the 12.5 mm stirrer 
shows the pecularity that reversibility is here accompanied by a hysteresis 
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phenomenon (see fig. 2 and broken curves in fig. 8), the cause of which 
not yet being clear (see small print below). For explanation of the changes 
in state of the phosphatide system along the cooling down and hatate 
up curve see schemes A and B in fig. 13. The most interesting conclusion 
is that the structure fragments can recombine to form the original kind 
of structure. 


restoration of 
structure 


breakdown of 
structure 


fr. begin 
to dissolve 


Fig. 13. Explanation of the reversibility experiment with the decanol containing 
phosphatide system. A: cooling down curve; B: heating up curve (the peak of the 


cooling down curve is given as broken curve). init. = initials of structure; str. = 
advanced structure; fr. = structure fragments. 


The hysteresis phenomenon is perhaps due to the fact that when a high resistance 
factor is present, the phosphatide system is markedly viscous (or even somewhat 
elastic), and therefore the stirring intensity developed by a stirring rod of given 
dimensions rotating at constant speed is less than when the phosphatide system 
has a low value—which is the case on the left branch of the resistance factor curve. 
Thus on cooling down the “‘structure-curve” can be followed to a lower temperature 
before break-down occurrs than the temperature at which structure is restored 
from the structure elements while subsequently heating up. 

Certain facts point to another factor which alone or in combination with the 
above may lead to hysteresis. When the maximum in the resistance factor curve 
is situated at a relatively high temperature we find in the reversibility experiment 
no indication for the existance of hysteresis (compare the humps of the curves of 
the blank phosphatide systems in fig. 3-6, where these maxima lie at 44, 45.5 
and 49°C respectively; similarly the maximum found in the decanol containing 
system with the 33 mm stirrer (fig. 8), which lies at 36° C). When it lies at lower 
temperatures, the hysteresis phenomenon is distinctly present (compare the peak 
curves obtained with the 12.5 mm stirrer in fig. 8; temperature at which the peaks 
are found are here 31 and 27° C). In the experiment with the blank system, pictured 
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in fig. 9, we found that after destroying the structure by means of stirring there 
was no trace of restoration of the initial high resistance factor during 1 hour rest. 
The temperature was here 18.4° C. Hysteresis may thus also be the result of the 
rate of restoration of the original structure becoming smaller and smaller as the 
temperature is lower. 


f) Influence of long chain non-electrolytes or cholesterol 


We have seen in the preceding paragraphs that for one and the same 
phosphatide system (blank or decanol containing) the shape of the resis- 
tance factor curve may be modified considerably (in fig. 12 in principle 
from A over B and C to D) by merely changing the intensity of stirring. 

From this follows that when the resistance factor curve with an added 
substance has another shape than that of the blank phosphatide system, 
this modification in shape can be ascribed to the added substance only, 
when the same intensity of stirring has been applied in both experiments. 
As in parts II and III working with the titration method and using a 
standardized addition time-stirring scheme, we have fulfilled this condition, 
just as in part IV working with the thermal method, we cannot doubt 
that a strong influence of long chain non-electrolytes really exists (compare 
fig. 1 and 2). 

In part II of this series this change in shape has been ascribed to the 
filling up of available spaces in the bimolecular layers of phosphatide 
molecules by molecules of the long chain non-electrolyte. Compare fig. 14. 


TSG 


Fig. 14. Schemes concerning the filling up of available space between phos- 
phatide molecules arranged in bimolecular layers. A: when charged groups lie in the 
same plane, the hydrocarbon chains when stretched cannot be tightly packed. 
B, C and D: different ways of avoiding the available space (by crinkling up of the 
hydro-carbon chains, by turning the positively charged groups out of the plane 
of the negatively charged groups or by a combination of the two respectively). 
E: filling up of the available space by a long chain non-electrolyte, allows the 
charges to remain in one plane and the hydrocarbon chains to be closely packed. 


B 


It seemed reasonable that as a result of the better packing the formation of 
much more extended plate-like particles is promoted. It seemed that this 
hypothesis only gives a partial solution (the resistance factor may reach 
much higher values than in the absence of the non-electrolyte), leaving 
the sharp descent from the peak top unexplained (part III). 

As a result of the present investigation the latter difficulty does no 
longer exist (the sharp descent being due to break down of structure), 
and it will appear that the above hypothesis is still of use to explain the 


313 


influence of long chain non-electrolytes (or cholesterol). When the resistance 
factor curves of the decanol containing phosphatide system are compared 
with those of the blank phosphatide system at the same intensity of stirring 
it appears that the transition from the structure branch to the branch 
corresponding to structure fragments lies considerably higher on the 
structure branch (compare for the experiments with the 12.5 mm stirrer 
fig. 8 with fig. 4; similarly with the 26 mm stirrer fig. 8 with fig. 5). This 
means that the structure developed from phosphatide + decanol is much 
more resistant to mechanical influences, than the structure developed 
from the blank phosphatide system. Former work partly with other long 
chain non-electrolytes and with cholesterol leads to analogous conclusions 
(compare the change in shape in fig. 1 from A —C or B +C; further 
in fig. 2 from A B). Hence we may say that the typical influence of 
the investigated long chain non-electrolytes and of the cholesterol consist 
of a considerable increase of the resistance to mechanical influences. But 
this is just what can be expected from the above mentioned hypothesis, 
because the filling up of the available space in the bimolecular layers of 
phosphatide molecules leads to a closer packing. 


The present discussion may be closed by considering anew the method used in 
part III for determining the composition of the association phosphatide-non- 
electrolyte. One may doubt the validity of the procedure followed (from the path 
followed by the peak tops when the amount of non-electrolyte present is increased), 
when it is taken into account that for one and the same system the peak top may be 
found at quite different places in the diagram, depending on the intensity of stirring. 
One may thus object, that the constant stirring intensity used in the experiment 
being quite arbitrary, it must be impossible to obtain a binding ratio from them. 

When, however, the method used is considered more closely, it appears that the 
position of the peak top itself in the diagram is not used. Schematically we give the 
diagram in fig. 15, in which the resistance factor curves are given for increasing 
additions (a-g) of the non-electrolyte. 

It has been found that with increasing addition, the peak top becomes higher 
and is situated more to the left, the peak tops following practically one path 1). 
Compare the curves a, b, c, d and e. As the experiments have been performed with 
the same stirring intensity, this shift of the peak top means that the developing 
structure becomes more and more resistant against mechanical disturbances. This 
is of course what one would expect, the available space in the bimolecular phospha- 
tide layers becoming filled up more and more. With further increase of the added 
amount of non-electrolyte the shift of the peak top reaches an end, the sharp descent 
lying further at the same place (fig. 15, e, f, g). It must be concluded that more 
non-electrolyte no longer leads to greater resistance against mechanical disturbances, 
hence the available spaces are now completely filled up. For the calculation of 
the binding ratio phosphatide/non-electrolyte use is made of the minimum amounts 
of non-electrolyte to reach this invariant location of the steep descent at three 
different phosphatide concentrations. (For further particulars see part III). It 
seems therefore that the above objection is not to the point, as neither the ordinates 
nor the abscissa of the peak tops are used in this method. 


1) This is the case with cetylalcohol. In the case of cholesterol a systematic 
shift is superimposed, which is due to the displacement of the milky region towards 
the right (for particulars see part ITT). 
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Fig. 15. Scheme used in the text in discussing the method followed in part III 

to determine binding ratios. a—e: descents of the peak curves obtained with in- 

creasing concentrations a—e of the added long chain non-electrolyte. For f and 
g see text. 
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7. Perspectives for biology 


The investigations on the subject treated in this series have now 
reached a point which opens perspectives for biology. In a recent review 
of experimental work in this laboratory H. L. Boor and one of us 2) 
have laid stress on the importance of association colloids for protoplasma 
in particular of bimolecular films of phosphatide for the semi-permeability 
of the protoplasma membrane. 

The present results show that phosphatide structures consisting of 
elements (bimolecular films of phosphatide, or multiples of them, consti- 
tuting the smectic phase) with a large extension in two dimensions and 
offering a great resistance to the electrical current may be formed spontane- 
ously and further that when this structure is destroyed mechanically it may 
spontaneously be restored from the fragments. This reminds us of the fact 
that when as a result of mechanical lesion the protoplasma membrane is 
(partly) destroyed, it may be restored spontaneously into its original state. 


Summary 


1) The thermal method (introduced in part IV to investigate the 
increase in resistance at the formation of opalescent phosphatide systems) 


1) H. L. Boo and H. G. BuNGENBERG DE JONG, Protoplasmatologia. 
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has been applied, this method allowing for the study of the intensity of 
stirring as an independent variable. 

2) Two phosphatide systems (0.6 % phosphatide in 18.2 vol. % tert- 
butanol containing 10 m mol/l NaCl, one without and the other with a 
small concentration of n-decanol) have been investigated. On both stirring 
has a similar influence on the resistance factor curve to the effect that 
—leaving detail outside—a higher resistance factor is reached as the 
intensity of stirring is smaller. 

3) The resistance factor curve of the blank phosphatide system 
obtained without any stirring at all is a simple curve proceeding upwards 
to high values of the resistance factor, values of 7-10 having been observed. 
The system then shows marked higher viscosity than that of the medium 
and besides weak elastic properties. The high resistance factor drops to 
low values when subsequently stirred at constant temperature. It is 
assumed that a structure has developed during slow cooling and that it 
is broken down to fragments while stirring. 

4) Other experiments with the blank phosphatide system, in which 
is partly stirred and partly not support the assumption that a structure 
is formed while cooling down without stirring, that the initials of this 
structure are already present in the lowest part of the resistance factor 
curve, and that the structure is built up of plate-like elements. 

5) The resistance factor curve of the blank phosphatide system 
obtained while stirring vigourously is a simple curve too. It mounts 
only to values of the resistance factor not coming much above unity. 
The outgrowth of structure initials to real structures is prevented here 
by the mechanical effect of the stirring. 

6) The two simple curve shapes mentioned sub 3) and sub 5) may be 
considered as limiting cases of general shape of the resistance factor 
curve. The general shape is composed of two branches connected by a 
transition part. 

7) At slowly cooling down while stirring not too intensively, structure 
begins to be formed from initials, thereby following a curve branch — 
structure branch—of the nature of the curve mentioned sub 3). Then 
follows transition to a branch kindred in nature to the curve mentioned 
sub. 5). 

8) With one and the same phosphatide system (blank or decanol 
containing) the transition lies higher up the structure branch as the 
intensity of stirring is less (structure can develop to a higher extent). 

9) When the transition is situated on the lower part of the structure 
branch, it manifest itself as a small hump in the resistance factor curve. 
As the transition lies higher and higher up the structure branch the 
transition is more and more pronounced (distinct maximum) and at last 
takes the character of a sharp descent to the now much lower situated 
second branch. The steep descent represents break down of structure 
and the lower branch structure fragments. 
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10) At the same intensity of stirring the transition occurs much 
higher up the structure branch for the decanol containing phosphatide 
system than for the blank phosphatide system (the growing structure 
is much more resistant to mechanical influence in the presence ofdecanol). 

11) The very striking transformation of the simple resistance factor 
curve of the blank phosphatide system into characteristic peak curves 
by this and other long chain non-electrolytes and cholesterol (parts I 
and III) are thus simply explained by the constant moderate intensity 
of stirring used, structure hardly being developed in the blank system 
and markedly in the presence of the said non-electrolytes. 

12) The hypothesis proposed in part II to explain—be it partly — 
the above transformation (filling up of available spaces in the bimolecular 
layers of phosphatide molecules by molecules of the above non-electrolytes) 
remains of value. By filling up the available spaces the bimolecular layers 
are tightly packed and hence are more resistant to mechanical influences. 

13) Taking into account systematic errors, it seems very likely that 
with the exception of the characteristic peak curve, the same resistance 
factor curve as obtained while slowly cooling down is followed in the 
opposite direction while subsequently heating up slowly. The changes in 
state of the phosphatide are thus reversible. 

14) With the characteristic peak curve hysteresis is present in the 
middle part of the resistance factor curve, the sharp ascent from the 
fragments branch to the structure branch while heating up occurring at 
a somewhat higher temperature than the sharp descent from the structure 
branch to the fragments-branch while cooling down. On either side of 
the region in which hysteresis occurs, reversibility is present. 

15) The sharp ascent occurring in the characteristic peak curve while 
slowly heating up means restauration of structure from structure fragments. 
Perspectives for biology of this spontaneous restoration of structure 
have been discussed shortly. 


Department of Medical Chemistry, 
University of Leiden 
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1. Introduction 

Density determinations play an important réle in the study of micro- 
porous materials, such as adsorbents or catalysts. According to McBain 
[1] four different densities may be distinguished, viz. a) the bulk density 
or volume weight, this being the weight of the material per unit volume of 
the container, b) the apparent density or granule density, which is determined 
by displacement of mercury, c) the real density, which is determined by 
displacement of liquids that penetrate partially or completely into the 
pores and d) the true density, which is the density of the compact solid 
matter of which the material is composed. The present note deals with 
the determination of the true density (true specific volume). 


2. The true density; Helium displacement method 

If the real density of the material could be determined by means of a 
liquid that would penetrate into all of the pores, and which would efficiently 
wet all pore walls without suffering a change in its own normal density, 
the resulting value would also represent the true density. Occasionally a 
combination of micro-porous material and liquid may be found where 
properties are such, that the above mentioned conditions are largely met. 
In many cases, however, penetration and wetting are incomplete or no 
certainty can be obtained about the density of the liquid in the pores. 

The displacement of a gas which is not adsorbed on the walls of the 
material and penetrates into all pores, also leads to the true density. As 
helium may be supposed to penetrate into the smallest pores and as 
helium is either not adsorbed or only to a negligible extent, the displace- 
ment of helium is widely used for determining the true density. 


3. Correction arising from the dimensions of the helium atoms 
In the calculations of the helium displacement method the ideal gas law 


(1) pxv=nXkT 


is used, where, p is the pressure, is the volume available for the gaseous 
helium, n is the number of helium atoms in the gas phase, k is the gas 
constant and 7’ is the absolute temperature. As the conception of the ideal 
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gas is used, the helium atoms are virtually represented by mathematical 
points. Consequently, v is the volume available for these points. Represent- 
ing the helium atoms by spheres of radius 7, we see that the distance 
between these points (centres of the atoms) and the surface of matter can 
never become smaller than this radius. All along the wall of the vessel as 
well as of the material under examination, there is a thin layer into which 
the idealized gas atoms cannot penetrate. The total volume of this layer 
is S x r, where S is the total surface area of all walls. Therefore, the real 
volume 1), available for the gaseous helium, to be used in the calculations, 
should be: 


(2) Vr =v4+ Sr 


It is certainly not easy to give an accurate estimate of r. The average 
collision distance between colliding helium atoms and the constituent 
atoms of the wall depends on the repulsion laws between these atoms. 
Despite a careful examination by Srrene and Haxsry [2], no better 
estimate can be given than the radius of the helium atom derived from 
the b-value of the van der Waals’ equation, viz. 1.3 x 10-8 em; it may be 
that a somewhat smaller figure should be used for r. Tentatively we put 


(3) 13 x 10cm > r> 1.0 x 10% cm 


When we are dealing with micro-porous substances, the magnitude of 
Sis entirely given by the total surface area of the substance under examina- 
tion; the surface area of the vessel may be neglected. The best figure for 
S to be used is the specific surface area of the micro-porous substance, 
estimated for instance by the low temperature adsorption of N, (B.E.T. 
method). In the B.E.T. method, one of the inaccuracies is caused by the 
value chosen for the molecular cross-section of nitrogen; mostly 16.2 2 
is used, but figures of 15.6 A? or 17.0 A? may also be found in literature. 

The product Sr, therefore, is only known approximately. However, it 
can only be of some significance if S has values of several square meters 
per gram. The surface area of a material with a specific volume of roughly 
0.3 cm*/g and consisting of small cubes of 0.1 cm linear dimensions, 
amounts to 18 cm?/g. The correction Sr in this case is only about 2 x 10-7 
cm’/g, hence it is only noticeable in the 7th decimal of the specific volume, 
which is mostly only estimated accurately up to the 3rd decimal. Even 
with cubes of linear dimensions of 1 micron the correction comes only 
in the 4th decimal (S ~1.8 m?2/g). If, however, microporous substances, 
having specific surface areas of about 100 to 800 m?/g are examined, the 
correction Sr influences the second or first decimal of the specific volume 
and is, consequently, of great importance. 


1) As also an adsorption correction has to be made, this volume cannot be 
identified with the true volume (see next section) 
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4, Correction for the adsorption of helium 

When we are dealing with substances of such large surface areas, the 
question of the adsorption of helium may become of interest. If there is 
any adsorption of helium under the circumstances of the helium displace- 
ment method, it will certainly be of the mobile type and be proportional 
to the pressure. The number of helium atoms adsorbed per gram of material 
g, is then: [3, 4, 5] 

N h ' 

(4) ee 
where N is the number of Avogadro, 
p is the pressure 
M is the atomic weight of helium 
R is the molar gas constant 
T is the absolute temperature 
h is Planck’s constant 
k is Boltzmann’s constant = R/N 
Q is the isothermic heat of adsorption 
S is the surface area per gram of material. 


This number of adsorbed atoms (per gram of material) represents a 
volume of helium, vg, which has been taken away from the gas phase: 


[eqn 
(5) Lag ores 
hence: 
Sah aier 1) v8 
(6) Va a (€ \ a8: 


Introducing numerical figures (7’ = 293° K), we obtain: 
(7) vq = 0.508 x 10-8 (e 71) x 8 


The heat of adsorption of helium on relatively smooth surfaces is very 
low, as may be deduced from the very low values of its accommodation 
coefficient on various surfaces and from the existence of specular reflection 
of helium beams on cleavage surfaces of NaCl or LiF. Figures of a magnitude 
of 100 cal/mole may be envisaged [6]. 

Helium atoms, however, penetrating into small capillaries and being 
submitted to the attraction exercised by the molecules of all the surrounding 
walls, may suffer a stronger adsorption. It is known from experiments 
that such an adsorption, (persorption; McBarn [7]) is connected with 
appreciably larger heats of adsorption [8]. STEELE and Hatsgy [2] report 
figures of 600 cal/mole, 630 cal/mole and 680 cal/mole for helium on carbon 
black, active charcoal and porous glass, respectively. 

Table I gives va/S for some values of Q. 
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TABLE I 
Q- v4/S 
cal/mole em x 108 
100 0.1 
500 0.7 
600 0.9 
700 1.2 
800 | 1.4 


The correction vq has to be subtracted from the experimental value of 
v, and, instead of equation (2), we obtain for the true volume, available 
for the helium: 


Vy = v + Sr — vg 
or 
(8) Vr = V+ (r — Val/S)S 


According to equation (3) r has a value between 1.0 x 10-§ and 
1.3 x 10-8. With a heat of adsorption of 100 cal/mole, v,/S can be neglected 
with respect to 7, while with heats of adsorption between 650 cal/mole 
and 750 cal/mole corrections Sr and vq nearly counterbalance each other. 


5. Specific true volume and X-ray density 

If part of the capillaries are so narrow that even helium atoms cannot 
penetrate into them, or only with difficulty, a correct estimation of the 
above mentioned corrections is, principally, impossible. As also nitrogen 
cannot penetrate into such pores, the walls of these pores are not included 
in S either. The influence of such small inaccessible spaces may be compared 
with that of similar vacant spaces and vacancies of molecular dimensions 
inside the lattices of real crystals. They cause the density, measured by 
X-rays, to be higher than the true density, and hence the specific volume 
of the ideal crystal to be lower than the specific true volume. 


6. The specific volumes of Dehydration products of Gibbsite 


Realizing that the helium density requires correction and that it is not 
easy to judge whether a chosen imbibition liquid will really fulfil the 
conditions specified in the preceding section, we may conclude that it 
will be a difficult task to determine the true density of a micro-porous 
substance, 

In some, perhaps exceptional, cases, a suitable imbibition liquid may 
be found. When the specific volumes of the dehydration products of 
aluminium hydroxide (gibbsite), measured in water, are plotted as a 
function of the residual water content, they quite well fit the straight 
line drawn through three points corresponding with the volumes per gram 
anhydrous alumina, of: 1) pure gibbsite [|Al(OH),], 2) pure boehmite 
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[AlO(OH)] and y—Al,O, [9]. The specific volumes are strictly additive 
and any sample obtained by partial dehydration of gibbsite may be 
described as a mixture of (chemically bound) water with a specific volume 
of 0.68 cm3/g and Al,O, with a specific volume of 0.27 cm3/g. The volumes 
of the dehydration products in helium were also measured at that time 
[9] and proved to be larger than those measured in water, the difference 
being roughly 0.02 cm?/g. 

In a later study [10] the development of the pores as a result of the 
dehydration of gibbsite was studied. In the first stage (water contents 
decreasing from 53 % to 44 % — all water contents being calculated on 
completely dehydrated Al,O, — corresponding to temperatures of de- 
hydration (8 hours) up to 210° C), the capillary volume is not accessible 
to gases, not even to helium. At water contents from about 44 % to about 
32,5 % (temperatures of 210° C to about 250° C) a set of plate-like parallel 
pores of about 30 A width is formed, whereupon very narrow tubular 
pores of a width of less than 10 A are formed on further heating (water 
contents of 32,5 % to about 10%; temperatures of 250° C to about 
270° C). From a water content of 10 % onwards sintering sets in, resulting 
in a widening of the pores. At still higher temperatures some pore entrances 
show a tendency to close, making parts of the pore volume inaccessible 
again. 

Dehydration products with open pores, suitable for a comparison of 
helium densities with true densities are, therefore, to be found among 
products with water contents between roughly 40 o/,-35 % on the high 
side and roughly 10 %-5 % on the low side. Outside this range the pore 
space, or part of it, is inaccessible to helium. 

In table IL all data, necessary for this comparison, are computed. 
Columns 1 and 2 give the dehydration temperature (8 hours) and the 
corresponding water content of the dehydration products respectively. 
The specific volumes, measured with helium, are listed in column 3, 
whilst column 4 gives the specific true volumes (as mentioned above, 
these volumes, measured with water, exactly fit the straight line calculated 
with the additivity principle, whilst the values, measured with ethyl 
alcohol are also exactly the same). The difference of the two volumes is 
given in column 5, whilst column 6 contains the values of the specific 
surface areas of the dehydration products. Column 7 contains the values of 

dv, % 
S S- 

Substracting r from the figures of column 7 (we chose r = 1.3 X 10° cm), 
the experimental figures for va/S are obtained. 

When comparing these va/S-values with those calculated for various 
heats of adsorption (table I), it is observed that heats of adsorption of 
roughly 500 cal/mole seem to be operative in the dehydration products 
of gibbsite, obtained at 967° C and at 302° C, having water contents of 
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16.0 % and 12.3 % respectively. It is in this range of dehydration products 
that the very narrow pores of roughly 10 A or less are dominating. We are 
inclined to ascribe these high vq/S-figures to persorption phenomena, 
operative in these very narrow pores. 


TABLE II 


z ze H,0 Ve Vr Av S r—v,/S | v,/8 
“Gg % | em®/g em3/g | em3/g m?/g | cm x 108] em x 10° 
220 | 38.1 0.536 0.527 0.009 | 40 2.25 neg. 
260 24.4 0.454 0.433 0.021 170 1.25 0.05 
267 | 16.0 | 0.392 0.376 0.016 270 0.6 0.7 
302 12.3 0.372 0.351 | 0.021 310 0.65 0.65 
440 | 88 | 0.852 0.327 0.025 230 1.1 02 
465 ee 0.341 0.317 0.024 210 | 1.15 0.15 


Fig. 1 gives the Av-values, as a function of the dehydration temperature, 
for the whole range of dehydration products. The experimental points 
are indicated by small circles; curve a is — roughly — drawn through 
these points. The crosses give the values of Sr (r = 1.2 x 10-8 cm, instead 
of 1.38 x 10-8 cm, to allow for a heat of adsorption of roughly 100 cal/mole) ; 
curve b is drawn through the points. Five domains result from this figure, 
viz. : 


temperature in °C 


I. the region of intragranular hydrothermal formation of boehmite 
[9, 10, 11], where wide cavities, inaccessible to gases, including 
helium, are found; 

Il. and IV. dehydration products with rather large surface areas, where 
Sr gives the right correction for the helium density ; 


Ill. dehydration products with very narrow pores, resulting in persorption 
phenomena; 


V. the region of increasing influence of sintering, including the closing 
of part of the pores. 
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Summary 


The helium density, as determined by the normal method of helium 
displacement, equals the true density if the surface area of the substance 
is not too large. With large surface areas a correction should be made 
equalling S x r (surface area times the collision radius of the helium 
atoms). A correction for helium adsorption is required if large surface 
areas and very small pores (persorption) are present. 

The dehydration products of gibbsite include examples of substances 
requiring these corrections. 


Delft, Laboratory of Chemical Engineering 
of the Technical University, and 
Geleen, Staatsmijnen, Central Laboratory 
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PHYSICAL CHEMISTRY 


THE NON-NEWTONIAN BEHAVIOUR OF DEOXYRIBO 
NUCLEIC ACID SOLUTIONS 
BY 


J. HERMANS Jr.!) anp J. J. HERMANS ?*) 


(Communicated at the meeting of September 27, 1958) 


Summary 

Capillary viscometers for the measurement of viscosities at low gradients are 
described. The theory for these viscometers is developed. The effect of the shear-rate 
on the intrinsic viscosity of deoxyribo nucleic acid in 1 molar NaCl is shown to be 
correlated with the molecular dimensions of the solute particles. In particular, 
there exists a good correlation with the so-called persistence length characterising 
“worm-like”’ chains and with the ratio between this length and the fully extended 
length of the molecule. 


Introduction 


The shear-stress dependance of the viscosity of DNA solutions has been 
studied by few authors. The reason for this is, that the measurements are 
tedious and the interpretation is uncertain. 

PovuyYeEt [1] carried out a few measurements to show that at the shear- 
stress at which he worked non-Newtonian effects were absent. CONWAY 
and BuTLeR [2] performed their experiments in the absence of added 
salts and these can therefore hardly be compared with our own, which 
were all done in 1 molar aqeous NaCl solutions. 

Dory and Bunce [3] performed measurements at a number of shear- 
stresses for each solution and then extrapolated linearly to zero shear-stress 
as a matter of course for all samples studied. One may however doubt the 
validity of this extrapolation as will be explained below. 

KISENBERG’s measurements [4] are of a different nature. He accurately 
measured the viscosity 7 of DNA solutions as a function of salt-concen- 
tration and of shear-stress in a Couette viscometer of special design 
permitting quick and accurate measurements. 


Theories 


A rigorous treatment of the non-Newtonian behavior of rigid dumbbells 
and of rods has been given by Kunn and Kuun and by Krrkwoop and 
PLocK respectively [5]. For theories dealing with chain molecules of the 
coiling type reference is made to a recent review [6], where further literature 


*) Present address: Chemistry Department, Cornell University, Ithaca, N.Y. 
*) Present address: State University College of Forestry, Syracuse, N.Y. 


325 

ean be found. The calculations are based on crude molecular models and, 
in most cases, are only approximate. It has been concluded, however, that 
a strong dependance of the intrinsic viscosity on the shear-rate is indicative 
of either a high degree of asymmetry in the structure of the suspended 
particles or a high “internal viscosity’ and (or) strong hydrodynamic 
interaction between the chain segments. 

With one exception, all theories predict a viscosity which is an even 
function of the shearing stress: 


(1) te = Neen (l= Gt° + Agt* ...) 


This is in keeping with the simple and obvious physical requirement 
that the shearing stress t = 7g, where q is the velocity gradient, must 
change sign with q. 


Measurement 

The measurements of 7 as a function of t were performed in a capillary 
viscometer of a type already described before [7]. 

The apparatus (fig. 1) is an Ubbelohde type viscometer. A tube of 
uniform diameter contains the liquid which is to pass through the capillary. 
As the level of the liquid in this tube sinks, the pressure forcing the liquid 
through the capillary will also drop. Eventually t will become zero, and 
the liquid will be at rest. The motion of the meniscus is followed with a 
cathetometer, the height being read on a scale, fixed beside the tube. 
The precision of the reading is about 0.02 mm. 

CLAaESsoN and LOHMANDER [8] have described a similar apparatus. 
There are some differences however: Claesson’s apparatus is an Ostwald 
viscometer, which means that there is one meniscus which moves down- 
ward, like in our apparatus, but there is a second meniscus which moves 
upward, while in our apparatus the liquid flows freely down along the 
glass wall. This is a principal advantage, as it is difficult to obtain correct 
moistening of the tube wall with a meniscus moving upward. This may 
make it necessary to apply a finite pressure to get any movement at all, 
i.e. there may be a yield value (compare Pats [9], Pats and Hermans 
(10]). Hermans [6] supposes that this is the reason why CLAESSON and 
Loumanper do not find dy/dq = 9 for q = 9. Another difference is the 
accuracy of their way of measuring the position of the meniscus, which 
is better than ours. This enables them to extend the measurements to 
values of g smaller than ours, where, however, they find the discrepancies 


mentioned. 


We define: R = radius of the capillary; 7 = distance from the axis of 
the capillary; w = velocity of the liquid in the capillary; L = length of 
he capillary; p = pressure difference, p = sgh, s = density of the liquid, 
g = gravitational constant, } = distance of the meniscus from its equi- 
librium-position, S = cross-section of the wide tube, Q = the volume of 
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the liquid in the tube, g = gradient = — du/dr; t = nq is the shear-stress 
and o is the shear-stress at r = R. The equations for the flow are well-known: 


(2) —nduldr = t = pr/2L 

(3) o = pk/2L 
R 

(4) —dQ/dt = —S dh/dt = § dr 2aru 
0 


which, by partial integration, and assuming that there is no slip at the 
wall, i.e. u(R) = 0, gives 


(5 —ahjat = (a8) f de® a) 
Changing from the variable r to the variable t we get 

(6) _ dh|dt = (2R*/So°) i dx */n 

or, since h = p/sg = 2Lo/Rsg: 

(7) —(08 do/dt) = (nsgR*/2L8) f de 28/n. 

Differentiating with respect to ¢: 

(8) 1/n, = —(2LS8/msgR*) (d/dt) In (h3dh/dt), 


where use has been made of the fact that o is proportional to h. Now the 
right hand side may be written as follows 
(9) (d/dt) In (A3dh/dt) = 4d In h/dt + (dt/d In h) d? In h/de?. 

For the solvent which is a Newtonian liquid dQ/dt is proportional to 


p, i.e. to h (Poiseuille’s law). This means that dh/dt is proportional to h, 
or d* In h/dt? = 0, so that eq. 8 reduces to 


(10) 1/9 = —(2LS/nsgR4) 4 (d In h/dt), 


where the subscript 0 denotes the solvent. 
If one abbreviates 


(11) w=Inh and v = dw/dt 
one finds 
(12) Nolo = Yolv + (1/40) dv/dt} 


which enables us to obtain 7, as a function of o from measurements of h 
as a function of t, keeping in mind that o is related to h by o = Rsgh/2L. 
It is clear that for Newtonian solutions we may replace In h in eqs. 11 and 
12 by log h. For the DNA solutions studied it will be seen in the next 
section that the second term in the square brackets of eq. 12 is negligible 
compared to the first. We have therefore in all instances used log h. 
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Apparatus 


Figs la and 1b show the instruments used. The first viscometer, which 
has been described before [7], has a capillary length of 50 cm, a capillary 
radius of 0.25 mm. With eq. 3 this gives for water 


(13) o = 0.25h dyn/em?; g = 25h sec 


when h is expressed in cm. As the measurements are accurate down to 
h about 0.5, the lowest possible values of o and q are 0.125 dyn/cm? and 


Fig. 1. Two Ubbelohde viscometers with changing hydrostatic head. 


12.5 sec-! respectively. In most cases the second term on the right hand 
side of (12) may be omitted. To show this we abbreviate K = 8LS/zsgfh’, 


so that 
l/y, = Kiev + (1/4v) dv/dt}. 


We replace this by: 1/n, = Kv and, therefore, to the same approxima- 
tion: —(1/n2) dy,/dt = Kdv/dt. The relative error made by omitting the 
second term is of magnitude 6, = (1/4v”) dv|dt. Using the above approxima- 
tion this becomes Kdy,/dt, or K (dn,[dh) (dh/dt). In all our experiments 
this was less than 10-%. It is also practical to take Aw/At instead of dw/dt. 
The relative error involved in replacing dw/dt at time t by 


[w(t + At) — w(t —At)]/2At 
is 
6, = (1/6) (At)? (dt/dw) (d?w/dt?). 
This is several orders of magnitude smaller than 6, as long as At does 
22 Series B 
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not exceed 500 sec, as one can show rather tediously by substituting some 
values from an experiment, but more quickly by comparing, in a graph 
of log has a function of t, the slope of a straight line connecting two points 
t, and ¢, and that of the tangent at t = 4(t, + t,); compare fig. 2. 
Our second instrument (fig. 1b) has a capillary length of 550 cm, a 
capillary radius of 0.275 mm, giving for water 


(14) o = 0.025h dyn/cm?; gq = 2.5h sec 


when / is expressed in cm. As for our DNA samples in 1 molar NaCl, 
7 does not vary more than a few percent in this o-range, the two corrections 
necessary for obtaining 7, from At/A log h are even less important than 
before. 


Examples 

A good test of the apparatus is the constancy of d log h/dt over a large 
h range, when a liquid of well-established non-Newtonian behavior is used. 
Using water we found an accuracy of about 0.5 % in A log h/At when At 
is very large. For small values of At the accuracy is governed by the error 
in the determination of the position of the meniscus, which is about 0.02 mm, 
so that when h is large, the experimental error 6, = 0.02/Ah, which is 
2% for a difference of 1 mm, the error in ¢ being negligible. (Over the 
interval h = 6mm to h = 5mm one calculates 6, = 3 %.) 

In fig. 2 log h is shown as a function of ¢ for the solvent NaCl 1N and a 
series of solutions of a sample of DNA (sample JJA, compare ref. 11) in 
the viscometer with capillary length 50 cm. The points discussed above 
are well illustrated. 

A question worth discussing is the determination of the position of the 
meniscus where h is zero. A simple calculation shows that for water the 
meniscus takes about 40 minutes to travel from a level of 2 mm to one 
that cannot be distinguished (h<0.02 mm) from the equilibrium position. 
The position of this level relative to the sacle on the viscometer varies 
from experiment to experiment. This variation, however, is not accompanied 
by any measurable change in the value of dt/dlog h of water or IN sodium 
chloride over a series of measurements where this position varies con- 
siderably. 

From a set of experiments similar to those shown in fig. 2 we derived 
fig. 3a for 7,, as a function of h. Fig. 3b shows a graph of »,, against h, 
obtained for the same solutions in the viscometer with capillary length 
550 cm. The limiting values for h = 0 so obtained are shown in fig. 3a 
as short straight lines. The o-scales were constructed according to eqs. 13 
and 14. We see amongst other things that in fig. 3a the part of the curve 
where dy/do = 0 is just shown. That this is not an artefact, is demonstrated 
by the fact that within experimental error the same lim Nesp 18 Obtained 

o=0 


in the other viscometer. When one plots this quantity against the concen- 
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Fig. 2. Time ¢ as a function of log h for the solvent NaCl 1M and five solutions 

of a DNA sample (sample JJA [11]) of increasing concentration; h is the distance 
of the meniscus from its equilibrium position. 
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Fig. 3a. Specific viscodity of a series of solutions of sample JJA as a function 
of h in the viscometer with capillary length 50 em; o is the corresponding shear- 
stress at the wall. The short straight lines indicate values at h = 0 given for the 
same solutions by fig. 30. 
Fig. 3b. Ditto in the viscometer of capillary length 550 cm, 
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tration c, one obtains [7] = 6600 as the slope, which is in excellent agree- 
ment with the value 6500 measured with a Couette at g = 0.25 sec7!. 

We may add that in most experiments we have done (on DNA and 
Na-polyacrylate), we have found evidence that dyj/dq = 0 when gq = 0. 
That the evidence of some measurements is not convincing, is almost 
certainly caused by the fact, that in those cases the constant a, in eq. (1) 
is larger than in other cases, and the measurement has not been continued 
down to sufficiently low gradients. This is completely borne out by the 
accurate measurements of viscosities of DNA as a function of shear-stress 
performed by Eisrnprere [4]. 


Results 

Of fourteen samples which have been studied also by means of light- 
scattering, and are described in another paper [11], 13], we obtained the 
reduced specific viscosity 7,,/¢ as a function of the shear-stress in the 
instrument of 50 cm capillary length. 

It would be impracticable to reproduce all curves obtained, instead of 
which we shall discuss them as follows. Two important differences between 
samples can be observed. In the first place the non-Newtonian behavior 
may be dependent on the DNA-concentration, just as the value of Nep|C 
may be. In that case we have extrapolated the non-Newtonian behavior 
to ¢ = 0 as best we might. In the second place the value of o at which [7] 
has decreased to a certain percentage of its value for ¢ = 0 varies from 
sample to sample (for the general outlook of the curves see fig. 3a). 

We would have preferred to give a quantitative account of these curves. 
Two reasons prevent us from doing so. For one, the coefficient a, in eq. (1) 
cannot be determined with accuracy from our data, which are subject to 
rather large experimental errors, because the coefficient dy is comparitively 
large (compare also EISENBERG [12]). Furthermore, none of the theories 
for non-Newtonian behavior has yet been confirmed to a sufficient extent 
by measurements on synthetic polymers to justify its application in the 
case of DNA. The results of these theories depend strongly on the molecular 
model used. A theory describing the non-Newtonian behavior of worm-like 
coils has noy yet been given, so that a check on the argument developed 
elsewhere [13] cannot be made. 


TABLE I 


Ratio of intrinsic viscosity at zero shear-stress to that for a shear-stress of 4.0 dyne/em? 


sample nr. . 
sample name. 


[nl/[nla- +--+... . | 160 | 141 | 1.62 | 1.00 | 1.00 | 1.00 | 1.15 
Bainple mr... 1.4. . 31 32 33 34 | 37 38 | 40 
sample name. . . . . | DH8 JCI JC2 JC3 J40 J35 J31 


AMAR ee ae ee 1.00 1.10 1.10 1.44 1.66 1.10 1.70 
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We have therefore rather arbitrarly calculated the ratio of [4] at o = 0 
to [7] at o = 4.0 dyne/cm?, corresponding to h = 15 cm in the viscometer 
used, which is the largest value of h attainable. This ratio is tabulated 
in table I. When [7] changes very slowly with o, one should expect the ratio 
to be close to 1. It is seen that this is the case for four samples. When 
[7] drops sharply at low values of o, the ratio will become infinite or approach 
a finite limit, according to whether [7] becomes zero or attains a finite 
limit for very large o. 


6 4 8 2 16 ey 20 


Fig. 4. Ratios of the intrinsic viscosities at zero shear-stress and at o = 4 dyne/ 

cm? against 9?/M and o?/M*. The abscissae are proportional to a and 1/%; a and x 

are the parameters describing the worm-like chain of same M and eg as the 
DNA-sample [13]. 


Fig. 4 shows a plot of the ratio [7 ]o/[7], against o?/M and ¢?/M? for the 
samples of table I, where one sees how the ratio varies from 1.0 to about 
1.8 (I is the molecular weight, 9 the radius of gyration, both obtained by 
light-scattering.) Evidently, the choice of the abscissae is rather arbitrary. 
Indeed, other plots (for instance against 9°/M) have a similar outlook. 
We have chosen these quantities, because they are proportional to a and 
a—, a and x being the parameters describing a wormlike particle [13]: 
a is the persistence length and x the ratio between L, the total length of 
the chain, and a. However, we wish to stress the point, that the existence 
of a correlation between [7])/[7], and both a and x does in no way prove 
the correctness of the worm-model. 
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GEOPHYSICS 


ON THE OLIVINE-SPINEL TRANSITION IN THE 
EARTH’s MANTLE 


BY 


J. L. MEIJERING anv C. J. M. ROOYMANS 


(Communicated by Dr. E. J. W. VERWEY at the meeting of September 27, 1958) 


1. Silicates in the mantle treated as a one-component system 

From seismic velocity data an abnormally increased density gradient 
in the earth’s mantle between about 200 and 900 km. depth is found. 
The limits of this zone may be closer to each other, say at — 400 and — 800 
km. respectively. BERNAL [1] was the first to propose that this increase 
could be ascribed to a transformation of (Mg, Fe),SiO, — one of the main 
constituents of the mantle — from the crystal structure of olivine into 
a more closed packed structure, e.g. the spinel structure. VENING MEINESZ 
has recently examined the consequences of such a transformation for the 
convection theory [2, 3]. It was assumed that olivine and spinel phases 
of equal chemical composition are in equilibrium between — 200 and — 900 
km, the percentage spinel increasing with depth from 0 to 100 %. The 
variation of temperature with depth (and thus with pressure) in the 
transition zone would be given by the p, 7’ transition curve in the unary 
system. 

However, with the aid of Clapeyron’s equation 


dT |dp = Av/AS 


one can show that this is very unlikely. 

The density increase in the transition zone not due to compressibility 
is about 15 %%, which amounts to a volume difference Av of about 6 cm? 
per mole. 

The transformation entropy AS of olivine, or of its main component 
Mg,Si0,, is not known, but an upper limit can be roughly estimated. The 
fusion entropy of a compound with n atoms per molecule may be taken as 
about nF per mole, thus 14 cal/degree for olivine. BowEN AND SCHATRER 
[4] estimate the molar heat of fusion of olivine at about 14000 cal. As the 
melting temperature of Mg-rich olivine is about 2000° K this would mean 
that the entropy of fusion AS = 4H/T'm is only about 7 cal/degree. We 
may further note that an entropy of transformation between two solid 
phases in the majority of cases is several times smaller than the fusion 
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entropy of the substance in question.!) The experiments concerning the 
olivine-spinel transition in Mg,GeQ, lead to a Av value of about 6 cm3/mole 
and a dp/dT' value equal to 50 bars/degree at 800° C. [6] The entropy 
change from these data is 7 cal/degree. It is clear that 14 cal/degree per 
mole must be considered to be on the high side for the entropy of the 
transformation olivine — spinel. 

The general information used for this conclusion is largely based on 
melting and transformation at normal pressure. Therefore it is worth 
pointing out that using the relation 


(3S/dp) 7 const — (dv/d7’)p const 


one easily finds that a pressure of 2.10° atm, corresponding to 550 km 
depth, must be expected to change AS by only about 1 cal/degree. This 
rough estimate is based on a thermal-expansion value of 25.10-* degree“ 
for Mg,SiO, (ef. [7]) and a molar volume of 40 cm*. Further it was supposed 
that the absolute value of the difference in dv/)7’ for the two phases is 
about 20% of dwv/d7’' of olivine. 

Clapeyron’s equation with AS = 14 cal/degree and Av = 6 cm? results 
in a temperature gradient of 3.6°/km, which is about 4 times higher than 
normally accepted. Since 4S probably is much smaller than 14 cal/degree, 
the temperature gradient will therefore be even larger.®) 

In this section the silicates in the mantle have been treated as a one- 
component system. The essential point in this treatment is, however, that 
in the transition zone the equilibrium would be monovariant, temperature 
being defined by pressure.®) 


2. Silicates in the mantle treated as a binary system Mg,SiO,—Fe, SiO, 

In view of the bad agreement between the experimental density gradient 
and the calculated p, 7’ curve for the unary system, we will now examine 
whether the treatment of olivine as a binary system Mg,Si0,—Fe, SiO, 


1) Admittedly there are exceptional cases where an entropy of transformation 
is even larger than the entropy of fusion, e.g. CCl, where the former is 2.4 R and 
the latter 1.2 R per mole [5]. In such cases the structure of the high-temperature 
modification may be said to resemble that of the liquid, and the entropy of fusion 
is small. Even in the case named the transformation entropy is only half of nR. 

*) We have implicitly assumed that AS and Av have the same sign, i.e. that 
spinel transforms into olivine on heating at constant (high) pressure. Ringwood’s 
work [8] makes this highly probable. If it were the other way round, then, according 
to Vening Meinesz’s assumption, temperature would have to drop steeply with 
increasing depth in the transition zone, which is even more inacceptable. 

*) The mantle above and below the transition zone is not necessarily homogeneous, 
as the silicate composition probably deviates from the formula (Metal),SiO,, cf. 
Section 3. If accordingly the number of components is increased e.g. by one, and 
that of the phases in the different zones also, the equilibrium in the transition zone 
remains monovariant and Clapeyron’s equation still applies. The slope of the pl 


curve then to be expected cannot be very much altered, at least when only solid 
phases are present. 
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would prove to be more satisfactory. The transition zone in the mantle 
then would be simply defined by the two-phase region olivine-spinel in 
this system. If we take the chemical composition constant over the whole 
mantle, there are no difficulties for the convection theory. The difference 
with the one-component treatment (cf. Section 1) is that now the composi- 
tions of the coexisting phases in the transition zone are unequal and change 
with depth. The necessary Mg-Fe interchange between the two phases 
can be rapid enough if in the heterogeneous olivine-spinel mixture the 
single-phase grains are not too large. We have then a divariant equilibrium, 
and thus the course of temperature with depth may be accepted as in- 
dependent information. In first approximation we may even take T 
constant over the transition zone, because the influence of pressure is 
much greater than that of temperature. It is just for this reason that the 
temperature gradient necessary for mutual compensation of the two 
influences, upon which Clapeyron’s equation is based, proved to be much 
greater than the real gradient, see Section 1. 

According to VERHOOGEN [9] it looks improbable that variations in 
composition between the two phases may spread the transition over several 
hundred kilobars. Indeed, it might have been expected that the two-phase 
region is quite slender and not so bulgy as in fig. la, but this is not so. 
Fig. la is calculated under the assumptions that both the olivine and spinel 
phases are ideal and that their volume difference per mole is independent 
of concentration. The Mg, Fe olivine phase is known to behave approxi- 
mately ideally [10] and this will still be so at high pressures since the 
solid solutions are formed without significant contraction or expansion. 
The molar volumes of Mg,SiO, and Fe,SiO, differ by 6 °/,, but the values 
of the solid solutions lie within 4% % on a straight line, cf. [11]. The 
small difference in radius between Mgt* and Fet+ ions is presumably 
responsible for this ideal behaviour and the assumptions will therefore 
probably also be satisfactorily fulfilled in the spinel phase. 

If we assume a constant temperature and neglect the dependence of 
pressure on Av (difference in volume of olivine and spinel per mole), the 
boundaries of the two-phase region depend only on the parameters P,, 
P, and 2 RT/Av. Here P, is the transformation pressure of pure Mg,SiO, 
and P, this pressure for pure Fe,Si0,. 

Let us call the coexisting mole fractions of Fe,Si0, in the olivine and 
spinel phases x and y respectively. Then, if both phases are ideal, the 
equality of chemical potential ~ in the coexisting phases yields 


fig, = Mop 2 BT nw = fly = pe, + 2kTIny, 


the factor 2 appearing because two gram atoms — Mg and Fe — per mole 
(Mg, Fe),SiO, are present. Thus we have: 


2 RTin(y|x) = by — He = AG: 


This difference in free enthalpy AG between the olivine and spinel phases 
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for pure Fe,SiO, as a function of pressure is given by pAv, and as it is zero 
by definition for p = P, it follows: 


; oe ead 
(1) 2RT In = = (p P,) Av. 


Likewise the equality of chemical potential in equilibrium of Mg,SiO, 
in the two phases gives: 


i hee 
(2) 2RT In —* = (p—P,) Av. 


These two equations yield: 


e\P2—1)/Po —e(Pa—P1)/Po 


2 re 


(3) 


/ | so =F) Pa 
Y =F Pe 


where Py is an abbreviation for 2 RT/Av. 

Fig. la gives the curves (3) with P, = 325, P, = 75 and P, = 40 kilo- 
bars. The last parameter corresponds to a temperature of 1400° K and 
Av =6 cm*. P, is estimated from experiments by Rryawoop [8a] on 
Fe,8i0,, see end of Section 2. P,, however, is chosen in such a way that 
the bottom of the transition zone lies at —900 km. The relation between 
pressure and depth is taken as linear, 1 km corresponding to 0.36 kilobar. 

The chemical composition of the mantle is rather in doubt; probably 
the mole fraction of Fe,SiO, is about 0.1, but values up to 0.33 have been 
mentioned. For this range of compositions the low-pressure boundary of 
the two-phase region is seen to lie roughly where it should be. When not 
too small, « is practically independent of P, because the coexisting spinel 
phase contains practically no Mg,SiO,. Vice versa y, when not too near 
to 1, is practically independent of P,. Thus the calculated depth of the 
top of the transition zone does not depend on the rather arbitrary choice 
of P,. On the other hand the pressure at the bottom is roughly equal to 
P,. While it is evident that the transformation can be spread over several 
hundred kilobars, matters are less satisfactory when the course of the 
transformation olivine —> spinel is viewed quantitatively. The olivine/spinel 
ratio for a given overall composition w is equal to (y—u)/(w—2). It is 
easily seen that the pressure where this ratio is 50/50 (indicated in fig. la 
for 25 mol % Fe,SiO,) lies quite near to the bottom of the zone. As x and y 
are mole fractions, the relative quantities of the phases are in moles and 
as their molar volumes are nearly independent of concentration, the curves 
in fig. 1b give approximately the distribution over the transition zone of 
the volume effect due to the transformation. From fig. la and b it would 
thus be concluded that the density would fall steeply above the bottom 
of the transition zone, then level off, while near the top of the zone the 
density would fall again markedly though less than at the bottom, owing 
to the preponderant concentration of Mg,SiO,. In the middle of the zone, 
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Fig. la. Transformation-pressure diagram of Mg,SiO,-Fe,SiO, solid solutions at 
1400° K. Concentrations « and y in mole fractions. Calculated with equation (3); 
P, = 325, P, = 75, P, = 40 kilobars, 
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Fig. 16. Mole fraction of spinel as a function of depth. Derived from Fig. la for 
three different concentrations: 10, 25 and 33 mol % FeSiO,. According to BULLEN 
[13] an approximately parabolic course would be expected. 


where the p, x and p, y curves in fig. la are both steep, the olivine/spinel 
ratio changes but slightly. With some exaggeration one can say that here 
all the Mg is in the olivine and all the Fe in the spinel phase. Here the 
density change with depth would be not much more than that caused by 
compressibility. Thus, in a way, fig. 1 predicts two transition zones instead 
of one. 

The “experimental” course of the olivine-spinel transformation roughly 
sketched in fig. 1b is presumably far from certain, since even the more 
primary data, ie. the location of the zone boundaries, are uncertain to 
some extent. But the difference in character between this curve and the 
calculated ones is so marked that we cannot ignore it. It is worth noting 
that dy/dp — dx/dp = —P, at x = y = 0, regardless whether the solid 
solutions are ideal or not, a counterpart of Van *t Hoff’s law for the 
influence of a solute on a transformation temperature at constant pressure. 
Therefore, for rather small values of y the slope of the p, y curve cannot 
become much steeper by deviations from the ideal behaviour. We satisfied 
ourselves that the discrepancy in fig. 1b could only be materially alleviated 
by improbably strong deviations, leading for instance to a marked pressure 
maximum in the transformation diagram instead of a monotonous fall 
of p with x and y as in fig. 1a. Neither can the fact that fig. 1 is calculated 
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for an isothermal transition zone be responsible for the discrepancy. 

In our opinion it is rather likely that the transformation end at the 
high-pressure side is more or less blurred. This might be due to kinetic 
sluggishness. But a more obvious explanation is afforded by the fact that 
probably the mantle composition is rather poorly described in terms of 
the binary system Mg,SiO,—Fe,SiO,. In fact the system will be at least 
a ternary one. The transformation at the bottom of the transition zone 
will thereby become less sharp and an appreciable part of the volume change 
may not be due to the olivine-spinel transformation, as we shall see in 
Section 3. 

The considerations in the above paragraph suggest that P,, the trans- 
formation pressure of Mg,SiO,, should be taken to be materially less than 
corresponding to about 900 km depth. This has two additional advantages. 
Firstly the fact that the difference P, — P, is smaller, makes the two-phase 
region narrower than in fig. la, which results in more satisfactory curves 
than those obtained in fig. 1b. Secondly, although Rinewoop so far has 
only obtained Fe,SiO, in the spinel form, but not yet Mg,SiO,, he was 
able to evaluate P, indirectly. This was done [8, 12] by a thermodynamical 
analysis of the olivine-spinel equilibria in the system Mg, SiO, — Ni,Si0, — 
—Mg,Ge0,—Ni,GeO,, especially the diagonal system Mg,Si0, — Ni,GeO, 
which is practically binary. The work carried out at normal pressure [8], 
combined with lattice-parameter measurements, gives a calculated value 
for P, of 175-455 kilobars at 1500° C. The highest Mg,SiO, concentration 
in the spinel phase was only 9 %, so that the influence of the necessary 
extrapolations can be considerable. In recent high-pressure work RING woop 
[12] obtained up to 68 % Mg,SiO, in solid solution in the Ni,GeO, spinel 
phase. Extrapolation gave 125 kb for P, at: 600° C. 

With this value as a basis fig. 2 was calculated. We further assumed that 
at 200 km depth the temperature is 800° C, and that it increases with 1° 
per km greater depth. With the proportionality between depth and 
pressure already used (1 km~0,36 kilobars) we find a linear relationship 
between p and 7’. Thus our parameter Py = 2 RT/Av can be expressed 
as a linear function of p, in kilobars: 


(4) P, = 2 RT/Av = 25 + 0.08 p. 


The parameters P, and P, in equation (3) also depend on T. The entropy 
difference AS between olivine and spinel is taken to be independent of 
concentration and depth, equal to 7 cal/degree. The resulting dependence 
on temperature of P, and P, is easily transformed into a dependence on 
pressure, using the temperature gradient mentioned above. One obtains 


(5) P, = 125 + 0.14 p 
and 
(6) P, = 38 + 0.14 p. 
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The constant 38 kilobars in equation (6) is also based on experiments 
by Rixewoop [12], who found that at 600° C Fe,SiO, transforms at 
38 + 3 kb from the olivine into the spinel structure. The fact that the 
constants in (5) and (6) are just equal to the values of P,; and P, at 600° C 
is a fortuitous result of the temperature gradient assumed, which on 
extrapolation gives 600° C at zero depth and pressure. 

Fig. 2a was thus calculated with equations (3), like fig. la, but now the 
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Fig. 2a. Non-isothermal transformation diagram, with smaller value of P, than 
in fig. la. Calculated with equations (3), (4), (5) and (6). 


three parameters were functions of pressure given by equations (4) to (6). 
Figures 2a and b are seen to differ considerably from fig. la and b. This is 
due to the much smaller difference between P, and P, in the case of fig. 2. 
The influence of temperature gradient, taken into account in fig. 2, is 
of minor importance.") 

The curves in fig. 2b have no nearly horizontal parts, and thus a serious 
drawback of fig. 1b is removed, Naturally the bottom of the calculated 


1) From the assumptions leading to equation (6) one finds P, = 65 kb for T = 
1400° K. The value 75 kb used for the isothermal fig. 1 was based on earlier experi- 
ments with Fe,SiO, by Rryewoonp [8a]. Substitution of P, = 65 kb would shift 
the calculated top of the transition zone to depths about 25 km less than in figs 1; 
and the flat parts of the curves in fig. 1b would be accentuated somewhat more. 
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transformation zone is shifted to smaller depths by the decrease in P. 
so that an appreciable part of the experimental transition zone has to be 
explained by processes that cannot be described in terms of the binary 
Mg,SiO,—Fe,Si0, system. 


100 


0 100 200 300 400 500 


——+» depth in km 
Fig. 2b. Mole fraction of spinel, derived from Fig. 2a. 


3 Silicates in the mantle treated as a system which is at least ternary 


The composition of the mantle probably deviates appreciably from the 
overall formula (Metal),SiO,. In other words, there will be silicates present 
which either cannot dissolve in the lattice, or only with formation of 
defects, inter alia vacancies. The former will be expected for the olivine 
lattice, but the latter for the spinel lattice, as it is known that often 
deviations from the stoechiometric formula occur. Rrnawoop [8] remarks 
that therefore the extra components of the system will stabilize the spinel 
phase and thus decrease the transformation pressure spinel — olivine, as 
Fe,SiO, does already. However, we think it quite possible that the solubility 
of these components in the spinel phase is still small at the conditions 
prevailing at, say, 400 km depth, gradual solution taking place with 
increasing depth. 

For example the binary system Mg,Si0,-MgSiO, might be like fig. 3. 
The olivine and enstatite phases are assumed to show negligible solid 
solubility. The (extrapolated) transformation pressure enstatite > spinel 
of MgSiO, may be quite high. Therefore the eutectoid concentration # in 
fig. 3 can be low, and for moderate MgSiO, concentrations complete homo- 
geneity may only be reached at a pressure considerably higher than P,, 


342 


the transformation pressure olivine + spinel of Mg,SiO,. The solubility 
increase sketched in fig. 3 will be partly due to the temperature rise with 
depth but also to the increasing pressure itself. There is no doubt that 
dissolution of enstatite in spinel leads to a volume decrease, cf. the 
dissolution of Al,O,; in MgAl,O, [14]. Hence this gradual dissolution 
with increasing depth will contribute to the density increase in the 
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Fig. 3. Tentative schematic transformation diagram of Mg,SiO,-MgSiOg. 


transition zone. In the binary system of fig. 3 a monovariant three- 
phase equilibrium is passed. But in the ternary system Mg,Si0,—Fe,SiO,— 
-Si0, the three-phase equilibrium olivine-spinel-rhombic pyroxene (en- 
statite with Mg partially substituted by Fe) is divariant. The phase regions 
expected from great depths upward would be: spinel, spinel + pyroxene 
spinel + olivine + pyroxene, olivine + pyroxene. The two middle forlorn 
then form together the transition zone, which thus contains a kink at a 
pressure below P,. Not only can the bottom of the zone be shifted to, say, 
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900 km depth, but the “‘tail’ of the volume effect may become much 
more gradual than was found for the binary system in fig. 2b, in conformity 
with the ‘“‘experimental’’ curve. +) 

In this picture the part of the mantle above the transition zone is not 
single-phase. But the olivine/pyroxene ratio would not change with depth 
and most physical properties in this region would be simple averages of 
those of two phases of roughly constant composition. 

The treatment of the mantle as a ternary system is still an over- 
simplification. Also, other high-pressure phases may well play a réle. 
The transition zone may accordingly contain several kinks. 


4. Conclusion 


We conclude that the treatment of the mantle as a one-component 
system is unsatisfactory for interpreting the limits of the transition zone. 
A treatment based on the binary system Mg,SiO,—Fe,SiO, is much better 
in this respect, but fails in predicting further details, namely the distribu- 
tion of the volume effect over the zone. Unless the “experimental” data 
for this distribution are discarded as too uncertain, the system must be 
treated as being at least ternary, which it probably is. Then fair agreement 
can be expected in a plausible way. 

Being physical chemists — and no geologists — we can say only a few 
words on possible consequences for the convection theory. The loss of 
balance between rising and subsiding columns in the convection currents 
would presumably be a gross effect. Integrated over the transition zone 
the specific heat and volume effects depend only on the conditions at the 
boundaries of this zone and not on the course of the transformation in it. 
Thus the treatment of the mantle as a system of more than one component 
does not appear to entail difficulties in this respect. Another essential 
point is that if the heat of transformation is larger than about 100 cal/gram, 
convection currents cannot be expected to break through the transition 
layer [2]. 

NIEUWENKAMP’s estimate [3] that the heat of transformation will be 
smaller, probably even less than 25 cal/gram, agrees with our estimate of 
the transformation entropy in Section 1. VENING Metnesz’ conclusion [3] 
that the transition layer is a strong source of instability in the 
mantle, leading to convection currents, is therefore not affected by 


our paper. 


1) Brees [7] has suggested that MgSi0, might adopt a structure of the corundum 
(Al,O3) type, or that SiO, might exist at high pressures in the rutile (TiO,) structure. 
Tt must be remarked however, that Si has a strong preference for a tetrahedral 
surrounding, which is accomplished in the assumed spinel structure but not for the 
two structures named above. Recently it hag been found that the high-pressure 
form of SiO,—coesite [15]—has not the rutile structure, but still contains Si in 


tetrahedral surrounding. 
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CHEMISTRY 


THE STRUCTURE OF 
TRIMETHYLAMINE BROMIDE-PERBROMIDE 


BY 


C. ROMERS anp (Miss) E. W. M. KEULEMANS 


(Communicated by Prof. J. M. Bisvornr at the meeting of September 27, 1958) 


When dry bromine is added to a solution of trimethylamine in solvents 
such as CCl, or CS, three addition compounds can be isolated: 

1. If traces of moisture are carefully excluded, a pale yellow powder 

forms, m.p. 76°, (CH3);NBr, (I), as reported by Hanrzscu and GRAF ae 
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According to SAHASRABUDHEY and his co-workers ”) a red perbromide, 
(CH,),;NBr, (II), m.p. 66°, is obtained when an excess of bromine is 
added to a solution of (CH )3N under the same conditions are mentioned 
sub 1. 

3. The third compound, also reported by SAHASRABUDHEY, is formed 
when traces of water vapour are allowed to act on the primary yellow 
reaction product (I). The decomposition product consists of orange-red 
needles, m.p. 105°, (CH;);NHBr, (IIT) and is presumably identical with 
the orange-red compound, m.p. 118°, found by Norris 3). Treatment 
of (I) with CHCl, that has not been carefully dried, yields a red viscous 
liquid (IV) which crystallizes within a few weeks in the orange-red 
needles (III). 


As a part of the investigations into the addition of halogens to (CH3),N 
we studied the orange compound (III), in particular its erystal structure ‘). 

Suitable crystals were sealed in Lindemann glass capillaries and X-ray 
diffraction photographs with copper radiation were obtained with the 
crystals rotating on the erystallographic a and ¢ axes at room temperature 
(cf. the first row of table I). The acentric spacegroup Pn was established 
beyond doubt by the interpretation of Patterson-vector maps, subsequent 
Fourier projections along the a and ¢ axes and difference Fourier syntheses. 
The complete results of this analysis will be published. The structure (see 
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Indian Chem. Soc. 30, 652 (1953). 

8) J. F. Norris, Am. Chem. J. 20, 51 (1898). 

f) Mrs. J. K. OosTERHOFF-SANDERS started this work in the laboratory of 
Inorganic Chemistry at Leiden in 1939. This study was interrupted after a year 
and four years ago J. VAN DER Lrxpz and H. J. Bras resumed the study of 


the absorption spectra. 
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TABLE I 
The dimensions of the unit cell of (CH,);NHBr, in Angstré6m units 
" : space- . | X-ray 
Author a b e Bi) hese fp | n | group | density density 
| | | } | 
R. and K. 5.70 12.38 | 11.02} 101.5] 10.81 4 Pn 180° | 1:90 
R. and K. | 5.70 | 12.38] 11.35/108 | 10.81 | 4 | Pe 1.80 | 1.90 
HASSEL 5.75 | 12.45) 11.14} 107.7| 10.90 A Pe — | 1.86 


fig. 1) consists of almost linear groups of three bromine atoms and separate 
bromine atoms. The Brg and Br units form large holes in which the (CHg),N 
molecules fit. The distances of closest approach between the bromine atoms 
and the light atoms are larger than 4 A. The dimensions of the Brg group 
are given in the first row of table Il. The second row of this table presents 
Mooney’s measurements *) of the I; ion in crystals of NH,Jg. 


TABLE I 


The dimensions of Br, and Bry in Angstrém units and bond angle 6 compared 
with those of I, and I> 


SE 


. xs t) X35 (mean value) — X, 
Br 2.28 2.53; 2.54 LIS .26 
1 2.67 3.10; 2.80 Ay i .28 


From this analysis it is concluded that (CH,),N HBr, is an ionic compound 
and should be written: 


[(CH,)sNH+], Bry Br-, 


At this stage of the investigation we got notice of a paper by HassEt °) 
who postulates a linear Br... . . oS ee Br conformation. In order 
to compare the dimensions of the unit cell of (CHg)3N HBr, determined by 
the present authors with those stated by Hassgx, the second row of 
table I shows our measurements, the ¢ axis being transformed to a + ¢, 
while in the third row Hassel’s data are given. There can be little doubt 
that the two substances under investigation are identical. Our result is 
at variance with Hassel’s hypothesis as far as we find the interatomic 
distance of one of these terminal atoms much longer than the other 
distances (separate Bry and Br- complexes). 

VAN DER LinD# and Bras *) measured the absorption spectra of mixtures 
of (CH;);N with iodine and of (CHs);N with bromine in CCl, and 
cyclohexane as solvents, respectively. The solutions of mixtures of I, or 
Br, and (CH,),N behave as can be expected of charge transfer complexes 
(see table III). However, the optical densities of solutions of Br, and 


4) R. C. L. Moonny, Z. Kristallogr. (A) 90, 143-150 (1935). 
5) O. Hasse, Molecular Physics 1, 241 (1958). 
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Fig. 1. Fourier projection 
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TABLE III 


Wavelength of maximum absorption / (in mz), molar extinction coefficient e and 
equilibrium constant K, 


C.T. band | Visible band | 
Author Temp. | Substance | - = jag oe LO 
A é A = 
L. and B. 21 (CH;),NBr, | 254 ~ 17000 ~370 — | — 
L. and B. | 215 9) (OR 266 28400 417 1900 | 12 
NAGAKURA 8) 2b | (Gee ane 278 25600 4146 — | 4.7 


(CH3)3N varied slowly with time and suggested a decomposition of the 
initial product. The spectrum of the Bry ion has an absorption peak at 
Anae between 269 and 273 mu and a shoulder at 390 my 7). The absorption 
spectra of the red viscous liquid (IV) as well as the solutions of the orange 
needles (IIT) and of the decomposition products of (I) show also a peak, 
having its maximum between 268 and 272 mw. It is therefore our conclusion 
that this peak is due to the presence of Br; ions in the samples. The red 
perbromide (II) probably is an ionic compound just as (III) and should 
be written (CH,),NHBrs. 

In the spectrum of (CH3),NBr, the weak shoulder at 370 mu may hint 
at the presence of Br, ions. This and the proximity of the main absorption 
at 254 my and the Br; peak at 269-273 mu may render the interpretation 
of the absorption spectrum difficult. 
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